DIFFERENTIAL EQUATIONS AND IMPLICIT FUNCTIONS IN 
INFINITELY MANY VARIABLES* 
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The main purpose of the present paper is threefold. In the first place, 
there will be developed certain theorems concerning a type of real valued 
functions of infinitely many real variables. There will then be considered 
the problem of infinite systems of ordinary differential equations, 


dx; 


in which the f; are functions of the type treated in the initial theorems. Then, 
in the third part of the paper, the fundamental problem of implicit function 
theory in this field for a system of equations 


(2) fi(ai, Yt, 42, = 9 


will be discussed. The results of all three sections of the paper include as 
special cases the corresponding theorems on functions of a finite number of 
variables. 

The notion of a function f of infinitely many variables (21, x2, ---) was 
brought into mathematics in the wake of the infinite determinant, the con- 
sideration of infinite systems of linear equations and the researches of Hilbert, 
Hellinger, Toeplitz, Westfall, and others on bilinear and linear forms in 
infinitely many variables in connection with the study of integral equations. 
In the present paper, the region of points = (21, 22, ---), in which the 
functions considered will be supposed defined, will be similar to the generalized 
parallelepipedon 
(3) 


Such a region is not necessarily a part of a Hilbert space, that is, a space in 
which > %,!27| converges, such as has been used in many investigations in 
this field. 

In Part I of the present discussion there is defined the notion of complete 
continuity for a function f (£) at a point &) of aregionR. Complete continuity 
" * Presented to the Society, December 30, 1915. A preliminary report was presented on 
April 2, 1915, under a different title. 


Trans. Am, Math. Soc. 9 125 


(¢ =1,2,---) 


126 W. L. HART [April 


reduces to ordinary continuity in case the f depends on only a finite number 
of variables, and, as will be noted later, is similar to current definitions of 
continuity for functions of an infinite number of variables. The theorems on 
completely continuous functions, derived in Part I, include as special cases 
the analogous classical theorems on continuous functions of a finite number 
of variables. 

A general study of functions of infinitely many variables has been made 
by M. J. Le Roux.* In addition to certain theorems on what he terms con- 
vergent functions of infinitely many variables, Le Roux obtained an analog 
of the Taylor series expansion for functions f (£) representable in the special 
form 


(4) = +++ tm) (la —-alSr), 


where the sum is uniformly convergent and where f,, is analytic in the vari- 
ables (21, +++, 2m), regular at the point x; = a;. In addition to the fact 
that Le Roux deals with complex function theory whereas the present paper 
deals with reals, there remains a difference between the two investigations 
due to the fact that, as Le Roux noted, convergent and continuous functions 
are not necessarily identical; a continuous function may or may not be a 
convergent function, and conversely. Functions of the type (4) are com- 
pletely continuous in their arguments (2, 

The system of differential equations considered in Part II is of the form (1). 
The problem of infinite systems of differential equations was first treated by 
H. von Koch.t He considered a system of the analytic type, and, under 
certain dominance hypotheses, established the existence of a solution [2 (¢), 
X2(t), ---] where all the components x;(¢) were analytic functions of the 
variable t. A very similar problem has been treated by F. R. Moulton.{ 
The problem of an infinite system of linear differential equations was con- 
sidered by F.. H. Moore§ as a special case of a more general investigation 
made in the sense of Moore’s General Analysis. || 

In Part II the f; of (1) are assumed to be completely continuous functions 
satisfying certain supplementary hypotheses which are, for the most part, 
~ *Nouvelles Annales de Mathématiques, vol. 4, ser. 4 (1900), pp. 448- 
458. 

tOfversigt af Kongliga Vetenskaps Akademiens Foérhand- 
lingar, vol. 56 (1899), pp. 395-411. 

tProceedings of the National Academy of Sciences, vol. I, 
pp. 350-354. 

§ Alti dei IV Congresso Internazionale dei Matematici (Roma, 6-11 Aprile, 1908), vol. II, 

age 98. 
. i Compare E. H. Moore, Introduction to a Form of General Analysis, New Haven Mathe- 
matical Colloquium. In the future, this paper will be referred to as Moore’s Paper I. 
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of a functional character. The unique existence of a continuous solution is 
established by a method analogous to the Picard scheme of successive approxi- 
mation for the solution of a finite number of differential equations. The 
system treated by E. H. Moore does not come under the type considered in 
Part II. It will be proved, however, that the results of F. R. Moulton, when 
restricted to reals, are a special case of the theorems of this paper. It follows 
from this fact that the wnique analytic solution of Moulton, when restricted 
to real values of the argument #, is the only continuous solution of the system 
which he treats. 

In Part III, a system of equations of form (2) is treated in which the f; 
are completely continuous functions satisfying certain additional hypotheses. 
The analog of the fundamental existence theorem of classical implicit function 
theory is obtained by a method of successive approximations. The form of 
this method is, in certain respects, similar to that used by Goursat* in the 
classical case of a finite number of equations. 

Infinite systems of implicit functions have been considered by H. von 
Koch} and R. d’Adhemar.t Von Koch considered a system of the analytic 
type, defined in the field of complex numbers, and established the existence 
of an analytic solution. His work, however, is valid only if the sum of the 
numbers r; of the region (3) in which his system is defined converges in a 
special manner. This limitation is not mentioned in von Koch’s work. R. 
d’Adhemar treated a special system which arose in a problem he considered 
in integral equation theory. The results of von Koch, when restricted to 
reals, are a particular case of the theorems of the present paper. 

In the sequel, it will be convenient to use the following notations, some of 
which are due to E. H. Moore (cf. Moore, I). 

Suppose that p is a variable belonging to a given range P and that u(p) 
is a real valued function of the argument p on the range P, for short, on P. 
Then, the statement that a certain numerical condition (i. e., a condition 
defined for numbers) is satisfied by » will mean that, for every value of the 
argument p, u(p) satisfies this condition. For example, uy < 1 means that 
for every p of P, there is the inequality n(p) <1. 

Let mm (m=1,2,-+++) be a sequence of functions on P for which 
lim nn(p) = n(p), uniformly for all values p of P. Such a convergence 
m=O 


will be indicated by writing (cf. Moore, I, p. 5) 


lim  (P). 


*Bulletin de la Société Mathématique de France, vol. 31 (1903), 
p. 184. 

TBulletin de la Société Mathématique de France, vol. 27 (1899), 
pp. 215-227. 

tBulletin de la Société Mathématique de France, vol. 36 (1908), 
pp. 195-204. 
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Suppose, for example, that the range P is the set of integers I = (1, 2, 

-). In the future a point & in a space of infinitely many dimensions will 
be thought of as a function on I; that is, §(7) = 2;. Then, in agreement 
with the conventions explained above, the equation 


(5) lim Em (I), 


means that the convergence of the coérdinates zim of £, to the codrdinates 
x; of £ is uniform with respect toz. If the notation (I) were omitted in (5), 
this equation would merely state the convergence, for every 7, of the coérdi- 
nates 2im to the value 2;. 

In the succeeding pages, if a point £ belongs to a region Ro in a space of 
infinitely many dimensions, it will be indicated by writing* &®°. Moreover, 
in this paper, Greek letters will always represent functions, one of whose 
arguments has the range I. A Greek functional symbol with an added 
notation will represent the function whose ith component is the 7th component, 
derived from the original symbol, with the given notation added. Thus, for 
example, 


fe = (ie, 
E(t) [ai (t), x2(t), 


It will be said that an infinite series converges absolutely-wniformly if the 
series formed by replacing each term by its absolute value converges uni- 
formly. 


PART I 


GENERAL THEOREMS ON COMPLETELY CONTINUOUS FUNCTIONS 


1. Introduction. In the present part of the paper, it is proposed to study 
functions of the type f(£), where & lies in the region R defined by (3) and 
where f is completely continuous according to a definition to be given in § 3. 
Generalizations to infinitely many variables are obtained of some of the 
fundamental properties possessed by continuous functions of a finite number 
of variables. Among the more important theorems derived mention may be 
made of extensions of Weierstrass’s theorem on uniformly convergent sequences 
of continuous functions, and of Taylor’s Theorem with an integral form for 
the remainder term. 


* This notation is a special case of a general convention adopted by Moore (cf. I, p. 16). 
If P represents a property of functions, then in case a function » has the property P, it is 
denoted by writing yu”; and, if Dt is a class of functions, Pt” means that every function of M 
has the property P. 
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2. The fundamental lemma for points of R. In the current theory of 
functions of a finite number of variables the Weierstrass condensation theorem, 
or some theorem of like content, is of fundamental importance. There is 
need of a similar result for the region R and it is met by the following 

Lemma 1. Let S = (f:;n =1,2,---) be an infinite sequence of points 
of R. Then there exists a point &’ of R and an infinite sub-sequence S’ = (£,; 
n=1,2,---) of S such that 
(6) lim & = &. 


The lemma is exactly equivalent to a theorem proved [cf. Bolza, Vorlesungen 
iiber Variationsrechnung, p. 423, part (b)] as a lemma for the Hilbert proof of 
the existence of an absolute minimum in certain types of problems in the 
Calculus of Variations. The lemma is due originally to Hilbert. There is a 
theorem of the same nature* when points & are considered which satisfy 
Li. = M. 

In the future, such a point as £’ of the lemma will be called a limit point 
for the sequence S. 

3. Definition of complete continuity and fundamental properties of com- 
pletely continuous functions. Derinition 1. A function f, defined in the 
region R, is completely continuous at the point &) of R—in notation, C; ( &o)—if, 
whenever 

lim fo (é®), 
it follows that 
lim f (£0) 


This concept of complete continuity is the same as that of Vollstetigkeit which 
has been much used by Hilbert and his followers. However, in the present 
paper, the functions satisfying Definition 1 are supposed defined in a region 
of points very different from that used by Hilbert. Moreover, entirely differ- 
ent applications of the concept are made in this paper. 

If f is C, (0) for every é&, it will be said that f is completely continuous in 
R—in notation, 


(7) f C,(R). 


Suppose the given function f depends on a finite or a denumerably infinite 
number of variables lying in the same or different spaces of infinitely many 
dimensions, as 

f (EM, EM) (k finite or infinite ) , 


where £ belongs to a certain region R“ of the same type as R. Then it 
will be said that f is completely continuous simultaneously in its arguments 


Cf. Riesz, Equations linéaires, p. 57. 
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if the conditions ; 
lim EO (4 =1,2,-+++,k), 


imply the convergence 


lim f(&, = f(®, 


n=0 


Such a continuity property is seen to be equivalent to complete continuity 
in the single variable n in the space Q, where the coérdinates are those repre- 
sented in the array (doubly or one way infinite according as & is infinite or 


finite), 


(1) (1) 


(1) 
(ke 
a’, 


The following obvious proposition relates this complete continuity to 
another generalization of the ordinary definition of continuity for a function 
of a finite. number of variables. 

Proposition 1. If f is Cy (&), then, whenever* 


(8) lim En = (I) 
where &, it follows that 
(9) lim f = f (£0). 


In general, if a function f is such that (8) implies (9), it will be said that 
f is Co(&), and a notation similar to (7) will indicate that this property 
holds for all points of R. 

Proposition 2. If f is Ci(&), i follows that for every function B onI and 
for every e > 0, there exists a number d, > 0 such that, for all &® satisfying 


(10) — &| =d.|B| 
there is the relation 
(11) If(é) —f(&)| Se. 


And, moreover, if for 8 = 1 such a condition exists for every e > 0, it follows 
that f is Co ( 

The two statements of Proposition 2 are proved by the same method as is 
used in establishing the equivalence of the limit and the (¢€, 6) definitions of 
continuity for functions of a finite number of variables. In the future, 
“f is Co(&)” will refer usually to the (e, d.), form of statement in Proposi- 
tion 2 with 6 = 1. 

The Definition 1 has no characteristics permitting of a useful definition of 
uniform complete continuity, but uniformity is obtained for the Co property 
in the following 


* Cf. (5). 


= 
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Proposition 3. If f is Ci(R), then f is Co(&), uniformly for all &; 
that is, to every e > 0 there corresponds a number d, > 0, such that if 


la-&l/ ad 
If(&) —f(é&)| Se. 


The proof of this proposition is made by an indirect argument. Suppose 
that the statement as to the uniformity is not true. Then there exists a 
certain number ¢) > 0 which has the property that, corresponding to the 


then it follows that 


sequence (d,; n = 1, 2, ---) for which lim,... d, = 0, there exists a sequenec 
S of pairs (., 7. ) of points of R such that 

(12) In. — tn | Sdn, 

(13) If (m) —f (nx )| > eo. 


The fundamental lemma for the sequence (7), in connection with (12) 
shows that there exists a point y of R and an infinite sub-sequence of pairs 
of points (f,, (2; n = 1, 2, --+) belonging to S, such that 


(14) lim = lim = 
From (14) it follows that - 
(15) lim = lim = f(y). 


But, since (15) contradicts (13), it is seen that Proposition 3 is true. 

Certain useful theorems regarding completely continuous functions will now 
be proved which are analogous to the theorem that a continuous function of 
a continuous function is a continuous function. 

THEOREM I, Suppose fis Ci(R). Let n be a point of a region R’ of type 
(3). Then, if for every n® the function y(n) belongs to R while, for a certain 
no of R’, all codrdinates of y(n) are Ci (no), tt follows that f [y (7) ] is Ci (0). 

This theorem is established by virtue of the fact that, if lim... mm = 1, 
then 


(16) lim v(m) = ¥ (m0); 
as a consequence of (16), it follows that 


It is obvious that (17) states the complete continuity at 7 of f[y(7)]. 
THEOREM II. Suppose f is Ci(R). Let = (ao, 23, +++) and suppose 
that fn = £0, where the codrdinates of and of satisfy (3). Then 


lim f (a1, Yon, Van, ***) =f (a1, Xo0, 
n=O 
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uniformly for all values of x1 on the interval 
(18) jay a;| 


The proof of this theorem is accomplished by a direct method. Because 
of Proposition 3, it is seen that, for every e > 0 a number d, > 0 can be found 
so that, if — £”| =d,, then 


(19) If(e’) —f(&")| Sie. 

Now divide the interval (18) into a finite number of parts of length at most 
d, by the division points (%1;; 7 = 1,2,---,k). Since f is C,(R), it fol- 
lows that an integer n, can be chosen so that for (n2=n,.; j= 1,2, ---, ke) 


(20) \f (aij, Lon, Lan, —f X20, X30, S Fe. 


Consider a value x; such that 21; = 71 S 21 (j41). Then from (19) there is 
obtained 


(aij, tony —f (a1, on, ---)| (n =1,2,---), 

(21) 

From (20) and (21) it is seen that 

(22) (a1, ton, —f (a1, X20, X30, Se (nZ=n,). 


Since the n, in (22) was chosen independently of the value of 7, it follows that 
the theorem is completely established. 

In the following theorem there is given a result which includes as a particular 
case the Weierstrass theorem on uniformly convergent sequences of continuous 
functions. 

TueoreM III. Jf f, (n = 1,2, ---) are Ci (éo ) while 


lim (£) = f 
uniformly for &, it follows that f is C; (&). 


Let it be supposed that lim, .. f= &. Then for every e > 0 there 
can be found integers n, and m, such that if 


(23) (€) —f(&)| 
(24) (Em ) — fn, (£0) | = fe (m=m). 


On taking (23) for = & and & = &, (m = m,) in connection with (24), it 
follows that 


If (fo) —f(ém)| Se (m=m), 
which, in accordance with Definition 1, shows that f is C; (&). 


E 
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In the succeeding theorem it will be shown that completely continuous 
functions have upper and lower bounds which they attain. 

TueoreM IV. I[f f is C,(R), then there exist finite numbers m and M, 
and two points (£*), (£), such that 


(25) (&), 
(26) m=f(és), 
(27) M = f(&). 


Let the proof of the second inequality of (25) be considered. Suppose 
there exists no quantity M satisfying (25). Then to the sequence of integers 
(n = 1, 2, ---) there corresponds a sequence of points 7® such that 


(28) f(m) >n. 


Let 7’ be a limit point of this sequence; then f(’) = 71. But then, since f is 
Ci(R), (mm) = 1, which contradicts (28) for n sufficiently large. 
Hence there exists an M satisfying (25) and, in a similar fashion, it can be 
shown that an m exists. 

Let M be the least upper bound of f for points in R. Then it follows that 
there is a sequence of points y, (n = 1, 2, ---) of R for which 


lim = M. 


Thus it is easily seen that every limit point y’ of this sequence is effective as 
the £ in (27). On taking m as the greatest lower bound of f it can be estab- 
lished in the same way that a point £, exists satisfying (26). 

4. The mean-value theorem for f(£). The object of the present section 
is to derive a mean-value theorem for functions f (£) of a certain type. This 
result will then be used in § 5 in deducing for a corresponding type of func- 
tions f an expansion consisting of n terms, each of which is an infinite sum, 
with a remainder term which is the sum of an infinite number of integrals. 
In view of the fact that, in case f(£) depends on only a finite number of 
variables, this expansion reduces to Taylor’s Formula with nm terms, the 
theorem of § 5 will be called Taylor’s Theorem for the function f (£). 

THEOREM V. Suppose that the function f and the partial derivatives df /dx; 
(i =1,2,---) are C,(R), and that 


(29) " Ox; 


j=l 


converges, uniformly for all 4®. Then, for every pair of points (&, ge ), 


7 
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For convenience, let the following notations be adopted: 


(31) fo = = (21, (n =1,2,---), 
(32) n(n,u) =E+u(hr— &) (n =0,1,2,°--), 
n 1 
(33) S. = (2; — 2) aay, lim S, = S, 
j= 0 vj 
n 1 
(34) m= 24) (n =1,2, +++). 
j=1 0 vj 
(35) Let P be the function of y® defined by the expression 
of 


In the sequel u will always have the range 0 = u = 1, and, moreover, for the 
purpose of proving the theorem, it is supposed that a definite pair (£’, &) is 
under consideration. 

In reference to the preceding definitions, certain obvious propositions can 
be stated. 

Proposition 4. For every n and for every value of u on the interval0 SuSl 
it follows that n(n, u) cs inR. 

Proposition 5. The sequence (£,) satisfies 


lim = 


Proposition 6. The function P(v) is C,(R). 

The last result is obtained as a consequence of hypothesis (29) and of 
Theorem III. 

In the proof of the theorem, it will be useful to have the following 

Lemma 1. The sequence P[n(n,u)], (n = 1, 2, +++), ts such that 


lim P[n(n, u)] = P[n(0, u)] uniformly for OS usl. 


It has just been shown that P is C,;(R). Hence, in view of Theorem I, 
it follows that P[6(7, u)], where 


O(y,u) =E+ul(y — §) [vR = (m1, yz, 


is completely continuous in the space R’, where the codrdinates are (u, 1, 
y2, +++), in which y; satisfies (3). The lemma, therefore, is an immediate 
consequence of Theorem II, when the 2; of that discussion is identified with w. 

Coro.tiary 1. For every e > 0 an integer n, can be determined such that, 
forn=”, 


|Pain(n,u)] — Paln(0,u)]| Se (0=u=}), 
where P,, is defined as the sum of the first n terms of P. 
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In view of hypothesis (29), it follows that, for every e > 0, an integer n, 
can be found such that, forO S=u=1;n2n.; m=1,2,-:-, 


(36) \P,[n(m,u)] — P[n(m, u)]| ie. 
As a result of the Lemma 1, this n, can be supposed chosen so that also 
(37) |P{n(0,u)] — P[n(n,u)]| (OSuS1; 


From (36) for m = n and m = 0, and from (37), there is obtained 
|Pn{n(0, P,ln(n, u)]| Se (nEn, 


Now consider the proof of the theorem. It is seen that on account of 
Proposition 5 


(38) lim f (fu) = 
From the law of the mean for the finite case, it follows that 


(gn) —f(E) = 
In view of (38) there is obtained 


lim = — f(E). 


It is desired to show that lim,-, s, = S. 
From the definitions (31) to (35) it is seen that 


=f u)] — Paln(n, u)]|du. 


Because of Corollary 1 to Lemma 1, it follows that, for every e > 0 an integer 
m- can be found such that 
IS, — s,| Se 


Consequently, since limn.. $n, exists, it follows that S exists and that lim,., 
8, = S, which completes the proof of the theorem. 

It should be remarked that, as a result of (29), the series (30) converges 
absolutely-uniformly with respect to the pair (£®, ¢*). 

In deriving the Taylor Theorem in the next article, it will be convenient 
to have the following theorem which gives a means for computing the deriva- 
tive of a function f of a differentiable function £(v). 

THeorEeM VI. Let f(£&) and the partial derivatives df/dx; be as assumed in 
Theorem V. Let &(v) be a function of v(0 =v =1) for which the derivative 
0£/dv is continuous in v and for which 


dx; (v;) Of (n) 
dv Ox; 


(39) 
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converges uniformly for all 0 = v; = 1, and »®, while, for every v, E(v) is inR. 
Then the function G(v) = f[£(v)] ts continuous and 


dG (v) _ des (v) 


(40) dv 


= H(v). 

The continuity of G(v) follows from Theorem I. Moreover, H (v) exists 
as a result of hypothesis (39); it remains to show the existence of dG/dv and 
the equality stated in (40). 

As a consequence of Theorem V, it is seen that, for every pair of points 


(e", &), 


where the infinite sum converges absolutely-uniformly for all points (¢*, -). 
Suppose = &(v), = &(v’), in (41). Let Av = — v) and 


n(v’,u) = (v0) + ulE(v’) — E(v)]. 

Then 
g(v)—g(v) —2;(r) (Af [n(r’, u)] 


The equation (42) is to be considered as v’ approaches v. From the mean- 
value theorem for the function z;(v), there is obtained 


(43) — = Ao 
v 
where 2; is suitably chosen between v’ and v. In view of (43), equation 
(42) becomes 
G(v') — G(r) i) wa, 
Av j=l dt 0 Ox, 


Hence there results 


G(v') — G(v)| _ | (2) OF LE Co) 


Av | jot dv Ox; 


|H(») 


(44) 
— 
du), 
dv lf Ox; au 
(45) 
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Let 7; (v’) and T2(v’), respectively, denote the first and second terms in 
(45). Consider 7;(v’). Because of the uniform convergence in (39), it is 
seen that, for every e > 0, an integer n, can be determined for which 


1g 


j=n,+1 


Moreover, from the continuity of d&/dv, it follows that a constant b, > 0 
can be chosen such that, if |v’ — v| = 6., then the sum for j = 1 toj = n, of 
the same expression is at most $e. Hence it has been established that 


T,(v') S ze Sb). 


Before considering T2 (v’), it is convenient to note, under the hypotheses of 
the present theorem, 

Lemma 2. Suppose that &, &, (m =1,2,--++) are points of R such 
that = &’. Then it follows that 


lion + — €)] _ £)] 


Ox; Ox; 


uniformly for all0 Su=1. 

This result is a consequence of Theorem II with the 2 and (ae, x3, ---) 
of that discussion identified with the u and & of the present statement 
respectively. 

In view of the lemma, it is seen that the absolutely-uniformly converging 
series 


( Of lE(v) + u( ko 


j=l 
is Ci ( £0) for all 
On considering (45) it is seen that, because of (46) and Theorem I, the 


expression 7, (v’) is a continuous function of v’. Thus, a number d,, where 
0 < d, = b., can be chosen such that 


T2(v') S fe —v| 


and, hence, 7,(v’) + 72(v') Se for the same values of v’. It has there- 
fore been established that the quotient (42) has a unique limit as v’ approaches 
v, which limit satisfies the equation (40). 

It is easily proved that the derivative dG/dv is a continuous function of » 
because, in view of Theorem I, each term of H (v) is continuous. 

5. Taylor’s Theorem for f(£). The subject for discussion in the present 
article. is the 
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TueoreM VII. Suppose that the function f(£) and, for a certain k, all 
partial derivatives 0" f/dx;, +++ Oxi, (h =1,2,-+-+,k) are C\(R), while 


| gh | 
(47) Tj, Tj, °°° | (h =1,2,-:-,k), 


rj, 


converge uniformly for all n of R. Then it follows that, for every pair of points 
&*), 


1< 
1 ar f ( 


dk 


The method of proof consists in reducing the problem to a question of the 
expansion by Taylor’s Formula of a function of a single variable; this reduction 
is accomplished by means of Theorem VI. In order to avoid complicated 
notation the proof will be given only for the case k = 2. The details in the 
general case are precisely similar. 

Assume, now, that a definite pair of points (¢", ¢’*) is given. Define 
n(v) =&+v(& —€). It is clear that, for (0 =v =1), the point 
belongs to R. Moreover, every component of 7 is continuous in v and 


dn (0) 


= —£). 
dv 


On placing n(v) = (0), y2(v), J, it follows that 


dy: (0; 


(48) ja. do Ox; 5) Ox; 


Since the right side of (48) is independent of the v;, it follows from the hypothe- 
sis (47), for k = 1, that (48) converges absolutely-uniformly for all ¢®, and 
(0 =v;=1). Hence in view of Theorem VI, it is seen that, if F (v) denotes 
then 


dF(t) of [n(v)] 
where dF (v)/dv is continuous inv. On applying Theorem VI a second time, 
it is similarly established that 
@F(v) fin(v)] 


and that d? F (v) /dv* is continuous in v. 


| 
| 
| 
| 

| 

| 
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The Taylor Formula with two terms, applied to the function F (v), gives 


dF (0) @ F (uv) du 
(49) F(v) —F(0) =» do +e de . 


On placing r = 1 in (49), there is obtained 


F(1) — F(O) = f(8) = - 


which establishes the desired result. 

6. Discussion of the results. The special form of the hypotheses (29) of 
Theorem V, (39) of Theorem VI, and (47) of Theorem VII have as their 
purpose the distribution of the force of the assumptions both on to the region 
R through the introduction of the r;, and on to the derivatives which are 
involved. For example, if the region R is such that >°{=? r; converges, then 
(29) is satisfied if it is merely assumed that the derivatives df/0x; have a 
common upper bound. On the other hand, if there is a number a > 0 such 
that r; > a, then it would be necessary, in order to satisfy (29), that 


Ox; 


should converge uniformly for 28. Similar alternative hypotheses are possible 
in Theorems VI and VII. The general notion of such a distribution of the 
force of the hypotheses as is used here was first brought out by F. R. Moulton* 
in a paper on differential equations. 


PART II 
ORDINARY DIFFERENTIAL EQUATIONS IN INFINITELY MANY VARIAbLES 


1. Introduction. The main purpose of the following discussion is the 
presentation of an existence proof for a solution of a certain infinite system 
of differential equations of the form (1). The existence theorem is divided 
into two sections. Under suitable conditions the unique existence of a con- 
tinuous solution of (1) in a restricted neighborhood is first established in § 2 
and then, in § 3, under further hypotheses the solution is shown to extend to 
the boundary of the region of points R in which (1) is defined. In this final 
theorem of § 3, R is taken as a general region possessing interior points, where 
the notion interior is given a definition reducing, for the finite case, to that 
used in a space of a finite number of dimensions. 


* Loc. cit. 


| 
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In carrying out the proof for a restricted neighborhood in § 2 by a method 
analogous to the Picard scheme for a finite system, it is found convenient to 
assume that the f;(£,¢) in (1) satisfy what might be termed a generalized 
Lipschitz condition with respect to the variables (a1, 22, +++). In §4 it is 
shown that this hypothesis, which is of a formal character, can be replaced 
by a second assumption which, though stronger, is functional in nature. 

In § 5 the results of F. R. Moulton are considered. It is established that 
the main results of his paper, so far as they apply to reals, can be obtained 
as special cases of the results of §§ 2,3, and 4. It is proved that the system 
(1), which Moulton treats, satisfies the assumed conditions of the theorems 
of the present paper. 

2. Definition of the approximations and proof of the theorem in a re- 
stricted neighborhood. Let the system (1) be represented by the notation 


(50) = [® = (fi, fa, 9 = (E,t) = (4, 21,22, 


where the initial conditions are 

E(t) = fo = (a1, +++) (t = to). 
For the system (50) let the approximations (k = 0,1, 2, ---) toa solu- 
tion satisfying the initial conditions, be defined formally by the equations 
fo(t) = &o, 


(51) 


The following theorem presents hypotheses under which the approximations 
(51) exist and converge to a solution of (50) for ¢ restricted to a sufficiently 
small neighborhood of t). A simple form will be assumed for the region R in 
which (50) will be supposed defined. This procedure has as its purpose the 
formation of a basis for the proof in § 3 of the existence of a solution of (50) 
in an extended region when R is of a more general type. 

Let R designate the region of points » for which ¢ lies in the region 


T : |t — to| (ro >0), 
and for which & lies in the region 
(53) S:|a- a;| =r; 


TneoreM VIII. Suppose that the system (50) satisfies the following hypo- 
theses: 

(11;) The function ® is C,(R)—in other words, fi, fo, +++ are each C\(R). 

(Hz) There exist positive-valued functions Aj; &, where &, #5), 
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which are completely continuous in their arguments, and are such that, for every 


(17, 8, £8), 


where, moreover, it is assumed that, for all (t7, &°, ’5), 


(54) Au (ty 8) = (61,2, 


converges uniformly. 

(H3) There exist finite numbers M and K such that the maxima M;, of the 
\fs(€,t)', and the maxima Ky, of the &, &) for points (t7, &, 
satisfy 


(55) M; M, 
(56) 


Then the approximations (51), formed for the system (50), exist and converge to 
a function —(t) for |t — to| sufficiently small. Moreover, &(t) is continuous 
in t and is a solution of (50) for which (to) = &. Furthermore, there is no 
other continuous solution of (50) reducing to £ for t = to. 

It is interesting to note the following obvious relation which exists in con- 
nection with (H;) when R is of a special form. 

Proposition 4. Suppose there is a number a > 0 such that r; > a (i = 1, 
2,+*+). Then if the constants (K;, M;) have a common finite bound H, it 
follows that there are numbers M and K satisfying (H;). 

To prove Theorem VIII, it will first be shown that there is a number d > 0 
such that, for |t — t)| = d, the approximations (51) are defined and satisfy 


(57) — &| Sp [o = (ri, 172, 


Tt will next be established that, for |f — t)| = d, the sequence (51) converges 
uniformly, and then, finally, it will be proved that the limit of the sequence 
is the unique continuous solution of (50) reducing to & for t = to. 

To accomplish the first step of the proof, consider |, (4) — £|. It follows 
from (51) that 


|&.(t) — fo] = (k =1), 
(58) 


— £o| =| oma| = Mp|t — (k= 1). 
to 


Trans. Am. Math. Soc. 10 
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Let d be a number such that d= 1/M. Then, in view of (58), 
|éi(t) Sp Sa). 
It is similarly established that (58) holds true for (k = 2,3, ---) if 
—t| Sd. 


Now let yz (t) = &(¢) — &&-1(¢), and consider the problem of showing 
the convergence of the series >, yz (¢) which is equivalent to the question 
of the convergence of the sequence (51). On placing 


vu (t) = [yre(t), yor(t), ], 
it follows that 


Iya (t)| =| ff t) dt) = re — 


From the definition (51) there is obtained 


which, in view of (H2), gives 
lyn (t)| S| Aas(t, (1), fo) lan (t) — 


to 


=M f f(t), fo) rs) It — dt 


<4r, ME|t — 


On proceeding in a similar fashion, it follows by a simple induction that 
1 
| yin (t) | — t|*. 
Therefore it has been established that* 


(59) ML It = 
= ° 


Since the series on the right converges uniformly for all |t — t)| =d, it 
follows that the series on the left converges absolutely-uniformly for all 
|t — to] Sd. Moreover, since each term of the series is a continuous func- 
tion of t, it is seen that the sum represents a continuous function of t. Hence 


* The sign < is a notation introduced by Poincaré which means that the series on the left 
is term by term dominated by the series on the right. 


|" 
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it has been shown that there exists a continuous function £(¢) such that 
(60) lim &4(t) = 


uniformly for all |¢ — | =d. From the form of the dominating series in 
(59) it is seen that the convergence in (60) is characterized by the statement 
that for every number e > 0 there exists an integer k, such that, fork = k., 


(61) |&(t) — &(t)| Sep —t| Sd). 


This manner of convergence is a special case of uniform convergence relative 
to a scale function, a notion first made use of by E. H. Moore. To use Moore’s 
terminology, it would be stated that, in (61), the sequence & (k = 1,2, ---) 
converges to uniformly over the range I relatively to the scale function p. 
The general definition* of this type of convergence is as follows: 

Let un(p) (n = 1,2,+-+),u(p),and o(p) be complex valued functions 
on the range P. Then the sequence yw, converges to uw uniformly over the 
range P, relatively to the scale function a, if, for every e > 0, an integer n, 
can be found such that, forn = n., 


lun — Selo. 
In order to complete the proof of Theorem VIII it remains to show that 
£(t) is a solution of equation (50). From the definition (51) it is seen that 
= &; moreover, 


(62) lim 2%, (t) =a; +lim | film.s(t)] dt. 
k=@ 


Because of (61), it follows from Proposition 2 that, for every e > 0, there 
can be found an integer k, such that 


lfc lm—ar(t)] —fil€(t), t]] Se Sa). 


Therefore it is found that 
As a result of (62) and of (63), it follows that 


(64) g(t) = f+ f 


*T, p. 30. 
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and, therefore, there is obtained 


dé (t) 
= 


Thus £ (¢) is a continuous solution of (50) which satisfies the initial conditions. 

The uniqueness of the continuous solution £ (¢) is established by an indirect 
argument. Suppose that there exists a second continuous solution y(t) 
differing from £(t), lying in S for |t — t| Sd, and satisfying y(t.) = &. 
Then 


y(t) = £o +f ®[y(t), t] dt. 


It follows from the fact that y is in S, that 


ly(t) — &| So. 


Therefore there is obtained, on placing y (¢) = [ym (t), w(t), -++], 


=r,K\i—t|. 
On proceeding as in the discussion leading to (59), there results 


i K*|t — to|* 


Thus it follows that the sequence &(¢) converges to y(t) and therefore 
y = &. Hence, the assumption as to the existence of the second distinct 
solution has been contradicted. 

It is easily seen that Theorem VIII holds in its entirety if in its state- 
ment the approximations & of (51) are replaced by those defined as follows: 


fo(t) = [¢ (to) = £0], 


(t) = & +f [ (t)] dt (k =1,2, +++), 


in which m~-1(t) = [&-1(t¢), ¢] and where, for |t — t)| So, the function 
¢(¢) is continuous and satisfies 


Sbp, b<1. 


| 
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However, the neighborhood of fp in which the £; of (65) converge to a solution 
is perhaps different from that found for the & of (51). 

The question naturally arises as to whether the solution &(¢) possesses a 
second derivative under further hypotheses similar to those added in the finite 
case in deriving the corresponding result. This query is answered affirma- 
tively in 

Corotitary 1. In addition to the hypotheses of Theorem VIII, assume that 
the functions Of;/dx; and Of;/dt (1,7 = 1,2, +++) are C,(R) and that each 
of the sums 


(66) | (i=1,2, 


j=l Ox; 


converges uniformly for (t7,y5). Then it follows that, for |t —t| =d, 
&(t) has a second derivative given by 


x; t] 
dt 


af.18(t). 


l&(t), +— 

To establish this corollary, recall Theorem VI. Let the function f;(£, ¢) 
and the point 7(t) = [&(t), ¢] replace respectively the function f and the 
point £(v) of Theorem VI. To show that all hypotheses in the former case 
are satisfied by f; it remains to prove that 


converges uniformly for all (¢7, y*) and for all (¢;, t’) on the interval 
|t — t| =d. 
From (H3) it follows that 


iM 


[n(t’)] 


Ox; 


which, in view of hypothesis (66), is seen to converge uniformly for all (¢7, y*). 
Therefore by a direct application of Theorem VI the corollary is fully estab- 
lished. 

In a similar fashion, further hypotheses can be added which insure the 
existence of third, fourth, and higher derivatives of (¢). The procedure 
would be to impose sufficient conditions to permit the successive application 
of Theorem VI. 

3. The existence of a solution in an extended region. Let R denote a 
region of points 7 = (&,¢). Then, mo will be termed an interior point of R 
if there exist positive numbers (do, di, «++ ) such that all points in the neighbor- 
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hood 
lt—to] <do, <5 [5 = (di, de, ---)] 


are in the region R. All other points of R will be called boundary points. 

The theorem to be presented in this article gives extension properties of 
the solution of (50) in a region possessing interior points which, if the number 
of variables and equations in (50) is finite, reduces to the usual theorem on 
the solution of a system of differential equations of finite order. 

TuHeoreM IX. Let ®(m) be Ci for all yn in a region R possessing interior 
points. Suppose that, for every interior pcint no, there exists a neighborhood Ro 
of interior points of R, of type (52) and (53), and functions A) (t, &, §), 
which are C; for all points (t™, &°, &’*) , simultaneously in all their arguments. 
At every no let the hypotheses of Theorem VIII be supposed satisfied with the R 
and the Aj; of that theorem replaced by the Ro and A‘) of the present statement. 
Then, if (£0, to) is interior to R, it follows that there is a unique continuous solu- 
tion of (50) (E(to) = which is defined on an interval t < t < t? 
including to(t? < ty <t™), on which the point (&(t),t) is interior to R. 
Furthermore, t (i = 1,2) are such that, as t approaches t, the only limit 
points of n(t) = [E(t), t] are on the boundary of R or else are interior points 
such as (vy, t), which are not approached by any sequence of points [ £ (ti) , te] 
(k = 1,2, +++), where the &(t,) converge to y uniformly over the range I rela- 
tively to the scale function p’ = (r,,7,, +--+), where the r; are the numbers 
corresponding by hypothesis to the interior point (vy, t). 

In order to establish this result,* first apply Theorem VIII at the point mo. 
It follows that there is a continuous solution £(¢), defined over a certain 
interval |t —t| =e. It is seen that, since the Ro corresponding to 1 
consists entirely of interior points, 7; = (to) + e;) is interior to R. From 
the uniqueness of the continuous solution £(¢) through £, it follows that the 
solution £’ (¢) through & (t) + e:), given by a second application of Theorem 
VIII, is a continuation of &(t). Hence £(t) is defined, continuous, and 
interior to R for 

dStSh+ate, (e2 >0). 


Let ¢ be the least upper bound of the intervals on which £(¢) is defined, 
continuous and such that the point 7(¢) is interior to R. Suppose that, as t 
approaches t®, the point 7(¢) has a limit point (7, ¢) interior to R and 
that (r,,7,, 72, +++) are the numbers of (52) and (53) corresponding to it 
by hypothesis. Suppose that t, (k = 1,2, ---) are a sequence of values of ¢ 
such that the corresponding sequence £ (t,) converges to y, uniformly over I, 
relatively to the scale function p’. Then the theorem will be completely 


* The existence of / will be considered. A similar argument would suffice for the case 
of 
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proved if, under these assumptions, it is shown that t cannot be the upper 
bound as stated above. 

Let M;, M’, K;, K’, and Aj, (t, &, &) be the elements of the hypothesis 
of Theorem VIII corresponding to the point (y,¢). Take a value g such 
that 


9 4 1 , 
— t,| < Ur 2M"? |£(t,) < ip 


At the point [¢ = ¢,, £ = &(t,)] the hypotheses of Theorem VIII are satis- 
fied with the R of that discussion replaced by the region 
l§-—£(t,)| S30; 

and with p = p’/2, M = 2M’, K = K’, and Aj; = Aj;. Hence the work 
following (58) shows that there passes through 7 (¢,) a solution which, from 
its uniqueness, coincides with £ (¢) for ¢ = t, and which is defined, continuous, 
and interior to R for |t — ¢,| =1/2M’. But this last interval includes ¢ 
as an interior point. Therefore ¢ is not the least upper bound as assumed 
above and thus Theorem IX is proved. 

4. Substitution of a functional hypothesis in place of (H2). In the case 
of a function f of a finite number of variables (21, 22, ---, 2%) it is known 
that the existence of a Lipschitz inequality 


(a1, +++, —f(ai, = KD —2;| (la 


is implied by the assumption that f has continuous derivatives df/d2; for 
points in |a; — a;| =1r;. A somewhat similar result in regard to the hypo- 
thesis (Hz), which is of the nature of a Lipschitz condition, is stated in the 
following 

THEOREM X. Let f be defined in the region R given by (52) and (53), and 
such that and Of (n)/dx; (j7 = 1,2, +++) are Ci(R). Suppose, also, 
that 


(67) 


rj 
Ox; 


j=l 


converges uniformly for n®. Then it follows that there exist positive-valued 
functions A;(t, (7 = 1,2,-+-+) which are simultaneously in the 
arguments (t7, and are such that 


(68) 2, Aj(t, &, 
converges uniformly for all ES, &’5); and, moreover, 


‘ 
n 
. 
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In order to prove this theorem, consider, first, an application of the mean- 
value theorem tof(£,¢). From the present hypotheses and from Theorem V 
it follows that 


(70) = — ay) f 
j=l 


By the aid of (67) it is easily established that 


j=l 0 


converges uniformly in the arguments (t7, &’*). 
Now define the function A; (t, by the equation 


By virtue of (70) and (71) it is seen that (68) and (69) hold for this definition 
of A;. The complete continuity of the A; of (72) in its arguments is a conse- 
quence of Theorem II, when w is identified with the 2; of that discussion and 
the totality (uw; t; 21, 2, +++; 21, +++) is considered as a single point in 
a space of infinitely many dimensions. 

Corouiary 1. Hypothesis (H2) of Theorem VIII is implied by the following 
assumption: 

There exist derivatives Of;/Ox; (i,j = 1,2, +++) which are C\(R) 
and such that each of the sums 
of: (7) 


(73) | Ox; 


j=l 


converges uniformly for all n®. 
To establish the corollary, define 


| + — , | 
(74) Au(t, & 8) =| Oats — du}. 


As an immediate consequence of Theorem X it is seen that hypothesis (H:) 
is true for this interpretation of A;;. 

CoroLuary 2. Expression (56) of hypothesis (Hs) of Theorem VIII is 
implied by (H.’) and the further assumption that the maxima K; of the sums of 
(73) for points n® satisfy 

K = kK’ 


To see this result, suppose that in (H,) the A;; have the definition (74). 
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Then it follows that 
ul’ — §)5#]| 
Dr du, 
= K;. 


Hence (56) of hypothesis (H3) is true with K = K’. 

5. Comparison with Moulton’s results. In order to make a definite com- 
parison with Moulton’s paper, it will be convenient to have his main theorem 
stated explicitly in the following form: 

TuHEroreM M. Let there be given the system of differential equations 


with the initial conditions §(0) = 0, where “a;”’ is a constant and f\ is the 
totality of terms of f; which are homogeneous in (t, 21, 22, +++) of degree j. 
Suppose there exist real positive numbers (co, ¢1,-°-+), (To, T1,°**) and 
(A, a) such that cot = 8(t, &) converges for points n = (t, &) 
in the region of complex values 


|t| =To; = [eo 


and such that Ar; 8’ dominates f 2 term by term, and |\a;| = Ar;a. Then there 
exists for (75) a unique analytic solution — = &(t), [&(0) = 0], for |t| sufficiently 
small. 

In Moulton’s paper the discussion was for complex values of the quantities 
entering. The work of the present paper is concerned only with reals, and 
hence, let Theorem M be considered for real values of the symbols involved. 
Then we have 

TueorEM XI. The Theorem M when restricted to reals is a corollary of 
Theorem VIII; and, in addition, it follows that the analytic solution of (75) is 
the unique continuous solution satisfying the initial conditions. 

To establish these facts, it will first be shown that, under Moulton’s hypo- 
theses, all those of Theorem VIII are satisfied. On choosing, in common 
with Moulton, a number G so that s(t, £) = w < 1 for all 7 in the region R 
defined by 

S:|z,| 
g 


it follows from the dominance assumption of Theorem M that 


(76) 8) = at [w= 3 
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It will be proved that, in the region R, all the hypotheses of Theorem VIII 
hold true for (75). 

In view of Theorem III it is seen from (76) that f;(7) is C,(R), which is 
the hypothesis (/7,) of Theorem VIII. Moreover, 


Aca] |= = 3 jw ), 


and hence Of;/da, = 1,2, +--+) areC,(R). From the fact that 


=7r,K (K = 4H ar) 
for all 7®, and from the Corollaries 1 and 2 of Theorem X, it is seen that 
hypotheses (H2) and (56) of (H3) are satisfied. Moreover, because of (76), 
(55) of (H3) is true. Thus, all conditions of Theorem VIII are satisfied and, 
therefore, for |t} = d, (d sufficiently small), there is an unique solution £ (t) 
of (75) satisfying §(0) = 0. On examining the form of the approximations 
(51) for the system (75), it is seen that all &(¢) are analytic in ¢ and hence, 
the of Theorem VIII are analytic. From the equality = Df: ye (t) 
and from the absolute-uniform convergence of this series for |t| = d [ef. (59)], 
it follows that £(¢) is analytic; therefore the proof of Theorem XI is complete. 
The equation (59) of this paper also establishes another result obtained in 
Moulton’s paper which can be summarized in the statement that there exists a 
continuous function p(t), (p(0) = 0), such that |é(t)| S pp(t). 


PART III 


IMPLICIT FUNCTIONS IN INFINITELY MANY VARIABLES 


1. Introduction. Let the infinite system of equations (2) defining (y1, y2, 
--+) as functions of (21, a2, ---) be represented by the notation 


(77) =0 [® = (fi, fz, 


where y is in the space of infinitely many dimensions with the coérdinates 
n= (Yi, Y2,°**)- 

Let (£ = a, = 8) bea solution of (77). Then the problem of the present 
chapter is to obtain for the system (77) with this given initial solution an 
analog of the fundamental theorem on implicit functions for the finite case. 
In carrying over the theory from the finite to the infinite case, alternative 
methods of procedure are open, due to the different possible choices for the 
region of definition of (2) and for the postulated character of the function 
@(7). Inthe sequel, the classical theory is generalized in a direction parallel 
to that taken in the theorems of Part I. 
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In dealing with the classical case, certain finite systems of linear equations 
play an important part. Similarly in the present transcendental case, certain 
infinite systems of linear equations enter in a fundamental fashion. The 
hypotheses which will be imposed on the system (77) are arranged so that 
these infinite systems come under the theory of infinite systems of linear 
equations with normal determinants. In § 2 there is given a brief summary 
of the auxiliary results on infinite determinants and infinite systems of linear 
equations which will be used in the subsequent parts of the paper. 

In §3 there is presented, under suitable hypotheses, the analog for (77) 
of the classical theorem on implicit functions. Then, in $4, additional 
hypotheses are imposed under which it is shown that the solution of (77) 
possesses first partial derivatives with respect to the variables 2;. 

2. Normal infinite determinants and infinite systems of linear equations. 
In the sequel it will be convenient to have the theorems outlined below. 
References are made to the pages in Kowalewski’s book on determinants,* 
where the proofs of the results are to be found. In the future, the notation 
“(K, p. —)” refers to a page in this book. 

Let the notation for an infinite determinant be 


A= | aij | j=1, 2, +++) (7% designates the row, j the column). 


Then A is defined as a normal determinant if 


S= lai; — di;| 


J= 


converges, where d;;, the Kronecker symbol, is zero or unity according as 7 + j 
ori = j. Certain properties of normal determinants will be stated. 
Property 1. (K, p. 372) If An represents the determinant 


A, = j=1, 2, n)» 
then the determinant A exists in the sense 
A= lim 
Property 2. (K, p. 374) The determinant A can be expressed as a series 
A=1+4 7; which satisfies 
St 
1+ T:<1+ 


Property 3. (K, p. 385) For every k, the series (7, Dy; where D,; is 
the co-factor of ax; in A, can be arranged in a series which is term by term 


* Einfiihrung in die Determinanten-T heorie. 
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dominated by 
Ss 


and, thus, these sums (k = 1,2, --+) have a common upper bound B. 

The fundamental theorem on the solution of certain types of infinite systems 
of linear equations is stated as 

Property 4. (K, p. 383) In the infinite system of linear equations 


= b; (¢=1,2,---), 
j=l 


suppose that the determinant A is normal and distinct from zero and that |b;| Sb, 
(b finite; 7 =1,2,+--+). Then among all bounded sequences of numbers 
(21, there exists uniquely a solution 


3. The theorem for a restricted neighborhood. Let R represent the region 
of points y = (£, 7) defined by 


(78) S:|—-alSp; T:|n-B| Soe’ 


, , 
[eo = (ri, 172, = (41,72, 


in which r; =r, 7; =r. Then the result for a restricted neighborhood is 
stated in the following 

TueoreM XII. Suppose in (77) that the function ® and the derivatives 
Of;/dy; (i,j = 1,2, +++) are C,(R), and that the maxima M; of the |\f:(y)| 
for points y® satisfy 
(79) 
Assume that the double sum 
of, | 


(80) | 


1 


converges uniformly for all y®, and that the normal infinite determinant 


afi 


(81) F(y) = 


is different from zero for (E = a, n = 8). Suppose, also, that there exists a 
number G such that the convergent series | Dxi|, where Dy; is the co-factor of 
the element ax; in 


D = F(a, B) = |ais| 2, +») [ = 
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satisfies the inequality 

(82) DGr; 


and let the function ® have the property defined as follows: 
(83) For every e > 0 there can be found a number d, > 0 such that, for 


— a| sda, (é*), 
it follows that 
8)| Se. 

Then, if ®(a,B) =0, it follows that there are positive constants (c, d), 
(0<d51,0<cSd), such that to every in |& — a| Scop there corresponds 
one and only one solution of (77) in |n — 8| Sdp’. Furthermore, the function 
n(&), 80 determined, is completely continuous for all points — in the region 
Sep. 

In the proof of Theorem XII it is convenient to have the auxiliary function 
W(é,7) whose components h;(~,7) (i =1, 2,---) are defined by the 
system of linear equations 


(84) fal + = 0. 


On solving (84) it follows from Property 4 and from the present hypotheses 
that 


(85) = ye — 


where F; represents D with the ith column replaced by (f1, fe, «++ ); i. 


(86) = — ais [oz = 


Since D is a normal determinant, it follows from § 2 that 7_,|a;;| converges 
and, therefore, as a consequence of (79) and of Theorem III, the h; are C, (R). 
In order to establish the theorem, first consider the proof of certain lemmas. 
Lemma 1. Let w be a positive number and0<w<1. Then there exists 
a number d = 1(d > 0) such that 


wp’ 


(87) Al ay; — (l§-—alSdp, Sd’). 


It follows from (85) that 
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In view of assumption (80), it is seen that 


Of 
> Oy; Dyi 


converges uniformly for y®, and hence 0F;/dy; may be expanded, giving 


(88) 


On making the substitution 
k=1 


and summing (88) with respect to j after dividing by r;, there results 


1< 


It is seen that 


and, therefore, it follows that 


dh; 


=GV(y) (Vin=. 


| aes 
Js 


> 
j=l k=1 


In view of (80) it is verified that V (7) converges absolutely-uniformly for 
all y® , and hence V (y) is (i(R). 

From the fact that V (a, 8) = 0, it follows, in view of Proposition (2), 
Part I, that there is a number d > 0 such that, if 


—a| S=dp, ln — B| dp’, 
then 


and, consequently, 


Lemma 2. There exists a number c = d such that 
— B| Sdp’(1 w) 
for all values of & in the region S’ defined by |& — a| S ep. 


[April 
Ofe , 
1< Of, \ , = 
| 
7 a. 
Viv) 
= Oh; _%w 
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To obtain this result, start from the inequality 
1 
(89) =| 8) — bi] fe(€, B)|, 
1 ik=1 


which is derived from (86) by letting y = (£, 8). Condition (83) shows 
that there exists a number ec = d such that 
d(1— w) 


|@(é,8)| (1g Sep), 


and, hence, it follows from (89) and from the definition of G that 
8) Sp’d(1—w). 


For convenience denote by 7’ the set of points satisfying |7 — B| = dp’. 

Now consider the proof of Theorem XII. Define a sequence 7,(£) of 
approximations to a solution of (77) through the initial point (a, 8) by the 
equations 


(90) me(E) = = 6; 


It will first be shown that, for all ”, the points 7,(£) are in 7’. Then it 
will be established that, for these values of &, the sequence (90) converges to a 
solution through (a, 8). Finally, the uniqueness of this solution will be 
established by an indirect argument. 

From Theorem I it follows that m(£&) is C,(S8’). Moreover, from the 
definition of the sequence (90) and from Lemma 2 it is seen that 


lm(&) — B| = |W(E, 8) — B| Sdp’(1—w) < dp’, 
and thus it follows that 42.(£) is C,(S’). From (90) there results 
(91) — m(~)| = |WLE, m(E)] — m0 


On applying Taylor’s Theorem (cf. Part I) to the right-hand member in (91), 
there is obtained 


Ime(€) — m(E)| SD lyn (E)|- 


j=l 


B+u(m(E)-B)] 


dy; 
el @ 
Yj 


= dp'’w(l-w), 
and, therefore, 


(€) — B| Sdp’(1 — w’) < dp’. 
On proceeding as above, it is established by a simple induction that all n; (&) 
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are C,(S’) and satisfy 
Ine (€) — mer (E) | 
— B| Sdp’(1 — w*) < dp’. 


To prove the convergence of the sequence 7, (£), consider the equivalent 
problem of the convergence of the telescopic series 


(92) 


(93) = 8 +2 (m(E) — m1 (E)). 

In view of (92) it is seen that 8 (£) satisfies the dominance equation 

(94) < |B] +dp’(1 — w) 
k=l 


Since the right member of (94) converges, the same result holds for the sequence 
of approximations; and it can be easily established that the manner of con- 
vergence is characterized by the statement that there exists a function 


n(&) =0(&), 
or &* , such that, to every e > O there corresponds an integer k, such that 
(95) |m — 0(&)| Sep’ (k = ke; 


That is, the convergence is uniform with respect to —* and uniform over the 
range I relative to the scale function p’. Moreover it is seen from Theorem 
III that (£) is Ci (S’). 

To show that 7(£) is a solution of (77), first note that, because of the 
complete continuity of Y (7), the convergence (95) shows that 


lim m(€)] = 


But from definition (90) it follows that 
lim = lim m-a(£)) = 0(€)), 


and thus 7 (£) satisfies 
n(é) = W(E,n(£)). 


Also, since D + 0, it is clear that (77) is equivalent to the system n = VW (£é, 7) 
and therefore 7 (£) is a solution of (77). 

In order to establish the uniqueness of the solution 7(£) suppose that, 
for a certain £j , there existed a second solution nf + 7(&). Then 


(i,m) = 0. 
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Also, since 7 (£1) is a solution of (77), 
In(&) —m| = |W(&,0(&)) ¥(&, 


(96) _< +u(m — 
= |ys(&) wal ay; 


du, 


where the last expression is obtained by an application of Taylor’s Theorem 
(cf. Theorem V). Since |yj;1 — y;(£1)| is bounded for (j = 1, 2, ---), and 
since 7 + 7(£,), it follows that there exists a least upper bound B > 0 
for the values of 


| (j =1,2, +++). 


Therefore an index 7 can be found for which 
(97) lyia — yi(&1)| > Buri. 


Then, from (96) it is seen that | y,(£) — ya| is at most equal to 


‘Oh; [13 (£1) + u(m — 
(98) lys — val-| f dy; du}. 


That is 
Brur; 
= Bwr;. 


lyi(&) — yal S 


But, since (98) contradicts (97), it follows that the assumption as to the 
existence of a distinct 7; was wrong and, thus, the uniqueness of the solution 
n(£) is proved. 

Coro.tiary 1. To every number g > 0 there corresponds a number m > 0 
such that, for all — in |& — a| = mp, 


In(é) — B| S ge’. 


The corollary is a result of the inequality (94). From this it is seen that 


where it is to be recalled that ¢ depends on the choice of w in Lemma 1. 
Suppose, now, that wo is so small that }>,2, wit = g. Then, if m is chosen 
as the number ¢ corresponding to the wy through Lemmas 1 and 2, it follows 
that the conclusion of the corollary is true. 

4. Differentiation of the solution 7(£) of §3. An hypothesis in addition 
to those of Theorem XII is necessary in order to insure the existence of partial 
derivatives of the solution 7 (£) with respect to the components 2; of &. The 


Trans. Am, Math, Soc, 11 
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consideration of the existence of these derivatives for a representative com- 
ponent (e. g., 21) is found in 

TueoreM XIII. Suppose that, in addition to the hypotheses of Theorem 
XII, there exist in R partial derivatives Of;(y)/da1 (i = 1, 2, -++) which 
are C,(R) and are such that their maximum absolute values, Ni, for points y® 
satisfy N; = N. Then, for |& — a| = bp, (b sufficiently small), there exists a 
derivative function dn (£)/0x, whose components are given by the solution of the 


system 
Of; Oy; of; 


1,2,--- 
2 = 0 (i 92, 


for dy;/dx,. Moreover, An/dx, is for — a| bp and there is a number 
Q > 0 such that \dn(¢)/dm.| =Q. 

In establishing the theorem the components (22, 73, +--+) of & are con- 
sidered fixed and so, for simplicity, think of x; as the only independent variable 
in the problem. 

If (21,7) and (a2; = 2; + Az, 7’ = 7 + An) are two solutions of (77) 
where x; and 2; are in S’, then 


(99) 0’) — fila, n) 1’) (6 
On expanding = sides by the mean-value theorem, there results, on dividing 
by for (¢ = 1,2, -+-), 
(100) _ + ude, + An) 

j= OY; Ox, 


It is desired to show that there exists lim,,,-» Ay;/Az. 
Lemma 1. For every u", the expressions 


f udp ) 
Oy; 


du =1,2, +++; Ou =p’ 


are Ci(%1,p,p'). 
The lemma is obtained as a consequence of Theorem II as was done in a 


similar case following (72), Part II. 
Lemma 2. For every (ai, u", u’”) the infinite determinant 


| Of; ’ A 
| Jo Yj 


is normal and is Ci (a1, pw’). 
In order to establish the normal character of A consider the inequality 


1 3 
0 Oy; 


=f 


Of; (a1, w+ d 
Ou; 


aj 


/ 
| 
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In view of (80) the right side of this equation is seen to converge uniformly 
for all (af, uw’, p’ 2? Hence, because of Theorem III and of Lemma 1, 
Y is C, in all its arguments simultaneously; and, moreover, it is seen from 
definition that A (2,, 4, yu’) is a normal determinant. From the Property 2 
of § 2 it follows that 


(101) 


Since Y has an upper bound for the values (2{, 4”, u’”) of its arguments, 
it is seen from (101) that A(2,, wu, uw’), expressed as lim (n = «) A, (the 
nth order determinant in the upper left-hand corner of A), converges uni- 
formly for such values of its arguments and therefore is C, (aj, u”, u’”). 

We turn now to the consideration of (100). In view of the hypotheses as 
to the N;, it follows from Property 4 of § 2 that the values Ay;/Az, are given by 


1 


Of, (ay + 7’ 


(102) 


where Ax, ; represents the co-factor of the element of A in the row k and the 
column j. Now choose b’, at most equal to c of Theorem XII, so that in the 
region 

(103) —a| =b’p, lu — B| |v’ — B| 


the infinite determinant A(£,u,u’) +0. Select b = b’ so that, for all & in 
lé a| = bp, 


In(é) — B| 
as is possible in view of the Corollary (1) of Theorem XII. Suppose that 2; 
of (99) isin |a; — a;| = br;. Then, since A is Ci(y’) and since 


= 


lim A (2.7, 7’) = F(a,) +0. 


it follows that 


Furthermore, from the uniform convergence of A in its arguments, it is seen 
that z;(21, x;) converges uniformly in the argument z;. Hence, since the 
expression 


Of; (a1 + uAay, 
0 Ox, 


is continuous in it follows that z;(2;, 2; ) is continuous in z;. Therefore 


lim 2;(a1, 21) = Ay 


k=1 


Ay; 
=] 
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and it has been established that there exists dy;/d21 given by 


(104) = lim = ov: Dz, 0), 
where D,, ;(£, 7) is defined as the co-factor of Of;,/d2; in the infinite deter- 
minant F(£,7). From the Property 3 of § 2 and from the uniform con- 
vergence assumed in (80) it follows that the sum (104), as a function of (21, 
where (22, 23, are now allowed to vary, is C,(#) for all 
|& — a| = bp, and 

_ 


an (j ) 


where g is the maximum in R of (27:|Di;(v)|; &=1,2,---). And 
where p > 0 is the minimum of | F (£, 7)| for points in 


|n-—B| Sd'p’). 


The problem of obtaining continuation properties of the solution 7(£) is 
not developed in the present paper because the form of the hypotheses used 
here does not readily lend itself to this generalization. 


Cuicaco, 
Dec. 1, 1915 


ON THE EQUIVALENCE OF ECART AND VOISINAGE* 
BY 


E. W. CHITTENDEN 


1. Fréchet has suggested that being given a class (V ) for which a “ voisin- 
age ”’ is defined it should be possible to give a definition of “ écart ” in this 
class such that the convergent sequences and their limits remain the same 
whether limit is defined in terms of voisinage or in terms of the corresponding 
écart.t He also observes that a result of Hahn:t there exists on every class 
(V) at least one continuous non-constant function, might lead to a proof of 
equivalence between écart and voisinage. It is the purpose of this paper to 
supply a proof of the correctness of these suppositions. 

2. For each pair A, B of elements of a class (V ) there exists a number 
[A, B], the voisinage of A and B, which is non-negative, symmetric in A 
and B, and satisfies the following conditions: 

(a) [A, B] = 0, if and only if A = B; , 

(b) There exists a positive function f(e) such that 


L f(e) = 0, 


and if 
[A,B] <e, [B,C] <e, 
then 
[A,C] <f(e). 


The écart (A, B) of two elements A, B of a class ( £) differs from the 
voisinage [ A, B] only in that condition (b) is replaced by: 
(c) If A, B, C are any three elements of E, then§ 


(A,C) S(A,B)+ (B,C). 
3. Given a class H of elements of (V), denote by H the class of all elements 


* Presented to the Society, April 21, 1916. 

t Les ensembles abstraits et le calcul fonctionnel, Rendicontidel Circolo Mate- 
matico di Palermo, vol. 30 (1910), pp. 22-23. 

tMonatshefte fir Mathematik und Physik, vol. 19 (1908), pp. 247- 
257. 

§ Cf. Fréchet, Sur quelques points du calcul fonctionnel, Rendiconti del Circolo 
Matematico di Palermo, vol. 22 (2d semester, 1906), pp. 1-74. 
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which are limits of sequences of elements of H.* Then H contains H and H’. 
Inaclass(V),#1 =H+H’. A finite set 


HA, 


of subclasses of (V) will be called a Hahn sequence if for |i — j|>1, Hy 
and H; have no element in common. 

From a given Hahn sequence a Hahn sequence may be derived by sub- 
division of the classes H, as follows. Denote by [4;, H;] the greatest lower 
bound of [.4;, A;] for fixed A; in H; and every A; in H;. If 


[A;, s[A;, Hiss), 


A; is assigned to Hijo, otherwise to H;,;. H, and H, remain undivided. The 


sequence 
Hy, Hy, H,-1, H,, 


is a Hahn sequence. We will first show that Hio, Hi; have no element in 
common. Suppose the contrary. Then for every integer n there exist ele- 
ments A, in Hijo, B, in Hj; such that for some Ao independent of n, 


1 1 
[An, do] <>, Ao] 


For every small positive e there is n, such that for all n = n,, f(1/n) <e. 


Therefore for n = n,, 
[A,, B,] <e. 
Since A, lies in Hig, we have 


[An, =[An, Hit]. 
Hence for every e¢, n there is (,, in H;_; such that 

[An, Cr] < [An, Ba] +e. 
If n exceeds n, and 1/2e, then we have 


[4., Ca} < 2e, [An, Ao] < 2e, 
from which 


[Cn, do] <f(2e). 


Therefore H;, and Hiss have a common element. But property (b) of the 
voisinage implies that H = H. A contradiction has been obtained. 

Since Hi; contains H;4;,9 and H;4;,1 the separation is established for 
these cases. The case of H; and H;,;,1 is readily treated by the analogous 
argument. All other separations follow immediately from those assumed 
for the original sequence H, --- H,. 


* The proof given in this article covers cases more general in form than the case of classes 
(V). For example, in this proof no use is made of uniqueness of the relation limit of a 
sequence. 
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If |i -—j|>1, H; and H; are non-adjacent classes of a sequence H,, --- Hy. 
Suppose that for every non-adjacent pair of classes H;, 1; 


[ Aj, A;] 


for every pair A;, A; of elements from the respective classes H;, H;. Then 
there exists a; < a such that f(a) < a, similarly effective with respect to 
the sequence derived from H,--- H,. If not, there will exist, for every m, 
elements A,, Bn, in non-adjacent classes of Hi, ---, Hn, such that 


1 
Bn] < 


If (1/m) <a, Am, Bm lie in adjacent classes H;,, Hi41. Suppose A, lies 
in H;,9. Then C,, exists in H;,-1 such that 


Cn] Ba] <=. 
If f(1/m) < a, then 
[Ba Cu] < a, 


contrary to hypothesis. A similar result follows the hypothesis that A, 
lies in Hj,. The existence of a; is established. In fact a; may be supposed 
to denote the greatest value satisfying the conditions a; = a/2,f(a,) Sa/2, 
and is completely independent of the particular Hahn sequence concerned. 
This fact is of great importance in the sequel. 

4. If (V) is a singular class, voisinage and écart are identical. If (V) 
contains at least two elements it is evident that there is a number s > 0 
such that to every A there corresponds a B for which 


[A, Bl>s. 


Let s be fixed. Choose r < s so that f(r) <s. For fixed Ag, K, denotes 
the class of all elements A in the relation 


[.A Ao] = Tr, 
K, the class of all elements A in the relation 
[A ’ Ao] = 8, 
K the remaining elements of (V ). —— 

The sequence K,, K, K, is a Hahn sequence. For K,, K, have no com- 
mon element. Otherwise there is an element A, and there are elements A, in 
K,, B, in K,, such that 

1 1 
[An, A] <=, A] <>, 


and therefore 


[4n, Bol < (=). 
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But [Ao, An] S 1; and, if f(1/n) Sr, we have 
[ Ao, <f(r) 


contrary to the hypothesis B, in K,. 

From K,, K, K, we obtain by successive subdivision of K relative to K, 
and K, a development of (V) in Hahn sequences. The mth stage of the 
process is the Hahn sequence 


Bos Ko, 0, 0 +++ 0> Ko, 0 0, 15 eee | 


where 7 assumes the values 0, 1 only. 

There exists a sequence [a,,] of positive numbers such that an < dm-1, 
f (am) < 41 <a, <a, wherea<r,f(a) <r. Then if A, B 
are in non-adjacent classes of stage m, 


[A,B] > an. 


This is easily established by induction. 
For each element A of K there is a unique sequence 71, t2, «++, im, ***, 
of indices, the first m of which determine the class K;,, ... ;, which contains A. 
5. In terms of the development of (V) thus obtained we define a Hahn 
function F(A). If A lies in K,, F(A) = 0; if A lies in K,, F(A) =1; 


otherwise, 


F(A)=S 


where i;, «++, im, are the indices associated with A in the development of K. 
F(A) is easily seen to be continuous. In fact if [A,B] <a,, A and B 
lie in adjacent classes of stage m, and therefore 


1 
|F(A) F(B)|S 


The function F(A) thus defined is dependent upon Ag, r, ands. Given 
a sequence [s,] of numbers decreasing to zero (s; = 8), we may suppose a 
corresponding sequence [r,] and for each n a function F,,(A) relative to 
Ao, 82, %- Henceforth we denote by F(A; Ao) the function 


F(A; do) = Fal A), 


which vanishes only for A = Ao, is positive if 0 <[A, Ao] < 31; and if 
[A, Ao] =8, then F(A, Ao) =1, 

It is evident that the sequences [s,], [r,] are independent of Ay. In the 
following discussion they will be supposed to have been determined once for 
all. In fact we may suppose s, = s/n. 


/ 
[April 
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6. In terms of the functions F (A; Ao) we define the écart (A, B) of two 
elements as follows: (A, B) is the least upper bound of the differences 

|F (A; 49) — F(B; Ao)| 
for all possible Ao. 

The function (A, B) is an écart. For (A, B) is non-negative and equal to 
(B,A);(A, A) is evidently zero; and if A and B are distinct, F(B; A) > 0, 
while F(A; A) = 0,sothat (A,B) >0O. Furthermore 

(A,B) S(A,C)+(B,°¢), 


since 
|F (A; 40) — F(B; Ao)|=|F (A; Ao) — F(C; Ao) |é 
+ |F(B; Ao) — F(C; Ao)|, 

and the upper bound on the left is not greater than the sum of the upper 
bounds on the right. 

The equivalence of [A, B] and (A, B) in respect to limit must be estab- 
lished. 

Given L;,(Az, A) = 0, Ly[ Ax, A] + 0, a contradiction arises. A posi- 
tive number ép and a subsequence [ A;] of [ A,] exist such that for every k 

A] >e > 0. 

Choose n so that s, < @9. Then for every k the relations hold in order: 


1 
(Ax; A) > 


F,(4i; 4) =1; A) >A 


The desired contradiction has been obtained. 

The proof that L;,[Az, A] = 0, Ly( Az, A) + 0 is impossible, is more 
difficult. We may suppose, without loss of generality, that (A;, A) > éo 
for every k. From the definition of (A;,, A) there is for every k, By such 
that 
(1) |F (Ax; Be) — F(A; Be)|> 


Since L; F (Ax; A) = 0 there is a ko such that k > ko implies B, is distinct 
from A. There exists ap such that fork > ko, [Bz, A] > ao. Otherwise a 
subsequence { B,} of { By } would exist with limit A. In this case, for every 
n, kn > ko exists such that for k = kp, [Bi, A] S tn41. Select no so that 


and k; > k,, such that [Az,, A] < tai. Then 


[ Bi; Ax,] < f (Tngt1) < Tro» 
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from which it follows that 
F,, (Ax,; = (), Bi) = 0 
for every n S no, while 


, 1 
|F (An; Bay) — F(A; By) |< < 
no 


a result contrary to the assumed inequality (1) above. 
The number ay being given, choose mp so that 8,, < do and f(8,,) < do. 
There is an integer kj = ko such that if both k,, k, exceed ky then 


This is an immediate consequence of the existence of a9. Then for every 
k>ko,n> Mm, 
F,, (Ax; Be) = Fn (A; Be) = 1. 


From this and inequality (1), 
| m1 
| {Fn (Ax; Be) — Fn( A; Be)}| > e0. 


Hence for every k there is n, = mo such that 


nN, 


| Fa, (An; Be) — Fa, (A; Be)| >— eo. 
No 


The index k& is unlimited, while n, = no. A single number n must corre- 
spond to an infinity of values k; (j = 1, 2,3, ---) of k. Choose m so that 
1 2" 
ym-1 < 

There is a number a,, such that if [A1, 42] < an, then Ai, Ag lie in adjacent 
classes of stage m of the Hahn development of (V) relative to Ao, si, Tx, 

whatever element of (V) Ag may be. If k; > ko is sufficiently large, 


[ Az,, A] < 
Therefore 
1 2" 
| Fx ( An; — Fa (A; Bi) | < 


This contradicts the preceding inequalities, which hold for every k > k,. 
The proof of equivalence of écart and voisinage is complete. 


Ursana, Itts., 
September 25, 1916 


om 


ON THE THEORY OF ASSOCIATIVE DIVISION ALGEBRAS* 
BY 


OLIVE C. HAZLETT 


1. Relation to the literature. There is a famous theorem: to the effect 
that the only linear associative algebras over the field of all real numbers in 
which division is uniquely possible are the field of real numbers, the field of 
ordinary complex numbers, and real quaternions. The first published proof 
of this was that given in 1878 by Frobenius in his fundamental memoir} on 
bilinear forms. Since this proof, there have been numerous others,{ the most 
recent being one by Professor Dickson.§ 

In the last mentioned proof, the theorem is a special case of a more general 
theorem of the same nature for a certain class of algebras, which Dickson-calls 
Type A. He defines an algebra of this type as a linear associative algebra A , 
the coérdinates of whose numbers. range over any given algebraic|| field F, 
and for which the following properties hold: 

(a) There exists in A a number 7 satisfying an equation ¢(2) = 0 of 
degree n with coefficients in F and irreducible in F. 

(b) Any number of A which is commutative with 7 is in F(z). 

(c) There exists in A a number j, not in F(7), such that 72x = 4) +0, 
where @ and o are in F (7). 

All three of these conditions are satisfied by real quaternions, and the 
first two by any linear associative division algebra D over F , where we take 7 
so that the degree of the irreducible equation in F satisfied by 7 is the maximum. 

Dickson showed§ that every algebra of Type A over F has a subalgebra 

* Presented to the Society, September 4, 1916. 

tJournal fir Mathematik, vol. 84 (1878), p. 59. 

tC.S. Peirce, American Journal of Mathematics, vol. 4 (1881), p. 225; 
Weyr, Monatshefte fir Mathematik und Physik, vol. 1 (1890), pp. 
163-236; Cartan, Annales de Toulouse, ser. 1, vol. 12 (1898), p. 82; F. X. Grisse- 
man, Monatshefte fir Mathematik und Physik, vol. 11 (1900), pp. 
132-147 (the last an elementary proof along the lines of the proof by Frobenius). 

§ These Transactions, vol. 15 (1914), p. 39; Linear Algebras, Cambridge Tracts in 
Mathematics and Mathematical Physics, 1914, pp. 10-12. Hereafter, references to Dickson 
in this paper will be to the article in these Transactions. 

|| He does not explicitly make the restriction that F shall be algebraic, but he makes tacit 


use of this property in his paper—or, to be more exact, that the field F be “ vollkommen.” 
These Transactions, l.c., p. 37. 
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S over F which can be exhibited as an algebra L over a field K (an OberkGérper 
of F) with units 7 j* (k, s =0,---,r—1). Multiplication is defined by 
the relations 

(1) f=O0(t)j, J 


where i is an element of S satisfying in the field K a uniserial abelian equation 
of degree r, with the roots, 0(7), where (7) = and where j 
is a number of S not in K, and g is a number in K. Dickson showed* for 
r = 2,3 that g could be so chosen that, in the algebra L, division (except by 
zero) is always possible and unique. Wedderburn,t a few months later, 
showed that, for general r, g can always be so chosen that division is possible 
and unique—or, as we say, that the algebra is a division algebra.{ 

The present paper considers linear associative division algebras over a 
general algebraic field F , which may be described as sets of numbers satis- 
fying all the conditions for a field, except that multiplication is not necessarily 
commutative. It turns out that a necessary and sufficient condition that 
such an algebra satisfy (c) is that @ be a root of a certain algebraic equation 
which we shall call the 6-equation. Then, from some fundamental properties 
of the equation, we show, among other theorems, that, if a linear associative 
division algebra of a certain general type over an algebraic field F be of rank n, 
it is of order mn where m =n. Of this theorem, Frobenius’s theorem about 
real quaternions is a corollary. It also follows that, if a linear associative 
division algebra over an algebraic field F, of rank n, contain a number 7 
which satisfies a uniserial abelian equation of degree n, then any number in 
the algebra is a polynomial in a number j, with coefficients in F (7), such 
that (1) holds. 


THE 9-EQUATION 


2. The 0-equation; definition. Take any linear associative division alge- 
bra D over an algebraic field F, and consider the necessary and sufficient 
condition that, for a fixed number 7, it satisfy condition (c) of § 1. 

Let i be a number of the algebra satisfying an equation ¢ (x) = 0 of degree 
n, irreducible in F. Then the order of D is a multiple of n, say mn.§ If 
m = 1, D isthe field F(i). If m > 1, then there is a number j; in D and 
not in F (7) and the 2m numbers 7", <* j; are linearly independent with respect 
to F. In fact the mn units of D can be taken as 


*These Transactions, l.c., p. 32. 

t These Transactions, vol. 15 (1914), pp. 162-166. 
t Wedderburn calls such an algebra primitive. 

§ Dickson, |. ¢., p. 34. 
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where j; is not in F (7), je is linearly independent of the elements ji, 
jz is linearly independent of the elements j,, j2, etc. Then 


m—1 


(3) = deo (i) js (jo = 1). 


Now there is a number j satisfying (c) if and only if there is a number J 
not in F (7) such that 
(4) Ji=6J. 


Has this a solution J in D? If J is a number of D, then it is of the form 


m—1 


k=0 


where the x’s are polynomials in 7, and hence (4) has a solution + 0 in D if 
and only if 

0, m—1 0, m—1 
(5) (2) Ant, 0 (2) Js = 6 Xe(%) je 
has a solution (x,) + (0) in F(z). But the mj’s are linearly independent 
with respect to F (7); and thus, in view of the associative law, (5) is equivalent 
to the set of ordinary linear homogeneous equations 


m—1 


(6) = Ox (s 
k=0 
Now this has a solution (x,) + (0) in F(7) or some extended field of 
F (7) if and only if @ is a root of the ordinary algebraic equation 


(7) — des O| = 0. 


This equation we shall, for convenience, call the 9-equation fori. Thus we 
have 

THEOREM 1. In a linear associative division algebra over a field F, there 
is a number J + 0 such that Ji = 0(%) J, where 0 is a polynomial in i with 
coefficients in F , if and only if 0 is a root of the O-equation for 7. 

3. Relation of the O-equation to the characteristic equation and rank 
equation. Furthermore, if @ is a root of the 8-equation for 2 considered as an 
ordinary algebraic equation in F(z), then @ is also a root of the reduced 
equation ¢(2) = 0 forz. 

For let F (7’) be the least Oberkérper of F (7) such that F(z’) is algebra- 
ically closed. This field is algebraic, and any two determinations of it are 
simply isomorphic. Take such a determination of F(i’) that jp = 1, ji, 
-++, Jm—1 are linearly independent with respect to it, and let n’ be the order 
of F(z’). Now enlarge the algebra D to an associative complex D’ over F 
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whose units are 
linearly independent with respect to F. 
Suppose that @ is any root of the 0-equation for 7 in the above determina- 
tion of F(7’). Then (6) has a set of solutions (x,) + (0) in F(7’). If 
we let 


J= Xk jks 
k=0 
then Ji = 6J; and more generally Ji! = [6]'J. Thus0O = = (0) J; 
and accordingly, since ¢(@) is in a field and J + 0, we must have ¢(@) = 0. 
Hence, in such an F(7’), the 0-equation for 7 breaks up into a product of 
linear factors, 


m—1 


each of which is a factor of the reduced equation fori. Thus the statement 
at the beginning of this section follows at once. 

But every root of the reduced equation for 7 is not necessarily a root of the 
Q-equation forz. For to say that @ is a root of the reduced equation for 7 is 
equivalent to saying that it is a root of the left-hand characteristic equation 


(8) =| vom ay — = 0 


written for 7.* This, in turn, is equivalent to the statement that w = @ is 
such a number in some Oberkérper F’ of F(z) that, corresponding to it, 
there is in F’ a solution (y,) + (0) of the set of ordinary linear homogeneous 
equations 

(9) — din 0) yy = 0 (h=1,+++,mn), 


where we have taken e; = 7, for convenience. Now multiplying equation h 
of (9) by e, on the right, and summing as to h, we see that there is a number 
Y = Ly satisfying Yi = 

But, since the units e, are linearly dependent with respect to the enlarged 
field F’, this number Y may be zero. If it is, @ is not necessarily a root of 
the 6-equation fori. Nevertheless, since § 2 holds for present @ and enlarged 
field F’ , every root @ of the reduced equation for 7, which is such that a number 
Y corresponding is not zero, is also a root of the 9-equation for7. Accordingly 
we have 

THEOREM 2. [If i be any number in an associative division algebra D over a 
field F , every root of the @-equation for 7 is a root of the reduced equation for 7, 


* Cartan, 1. c., p. 16; Scheffers,)s Mathematische Annalen, vol. 39 (1891), 
pp. 302-304; Frobenius, |. c., p. 59; Weyr, I. c. 
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and hence also of the characteristic equation for i; and a root 6, in the Oberkérper 
F’ of F (i), of the reduced equation for i is also a root of the 8-equation for 1 if 
and only if there corresponds to @ a number J + 0, linearly dependent on the 
units of D with respect to F’ , such that Ji = 0J. 

4 Some properties of the O-equation. If @, and 6. be two roots in F(z) 
of the 6-equation for 7, and if corresponding numbers in the algebra are J; 
and J2, then, in view of the associative law, 


q (J2Ji1)t = Jo(dit) = = Ji 
an 
(Jid2)t = Jide. 


Thus, by Theorem 1, we have 

THEOREM 3. If i be any number in an associative division algebra over a 
field F , and tf 6; and 62 be two numbers of F (1) which are roots of the 0-equation 
for then 0: ( 62) and 61) are roots of this @-equation. 

In particular, the symbolic powers of any root 6 of the 0-equation for 7 are 
all roots of this equation; and there is some least positive integer r(1 < r = n) 
such that 6” = 7. 

Let D be an associative division algebra of rank n over an algebraic field F, 
and let 2 be any number of D satisfying an irreducible equation of degree n. 
Then D has the property (b). Finally, let J; and Jz be two numbers of D, 
different from zero, such that 


Jit Joi = dz, 
and let r be the least integer such that &” = 7. Then 
(Jodi *)t = = (J2 6) = 


and hence 
J. Jj" = 7(t), 


where 7 is a polynomial in F. Then, multiplying by J; on the right, we have 
Je y (2) Ji 


since Jj is a number in F (7). 

Thus we have proved 

THEoREM 4. In a linear associative division algebra D of rank n over a 
field F , if i be a number satisfying an equation of degree n irreducible in F, 
then a number J such that Ji = 9(%) J, where 0 is a polynomial in 1, is essen- 
tially unique, in the sense that every number satisfying this condition is the product 
of a particular such number by a number in F(t). Moreover, every number of 
the form y(t) J, where py is a number in F (i) and J is a particular solution of 
Ji = 0(7) J, satisfies this equation. 
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This theorem still holds if « be any number of the algebra such that any 
number of the algebra which is commutative with it is necessarily in F (7). 

Coro.tiary. Under the conditions stated in this theorem, the rank of (6) for 
=0ism—1. 

At this point, there naturally arises the question as to the multiplicity of a 
root of the @-equation for a number 7 of the sort described in Theorem 4. 
From Dickson’s work for Type A, it follows that the number 7 is a simple 
root of its @-equation where 7 satisfies an irreducible equation in F whose 
degree is n, the rank of the algebra. More generally, we have 

TuroreM 5. In a linear associative division algebra D over an algebraic 
field F , whose rank is n, if i be a number satisfying an equation of degree n irre- 
ducible in F , then every rational root of the O-equation for « is a simple root. 

We shall prove this indirectly. Now if 6 be a root in F (7) of multiplicity 
= 2, then there is a number J; + 0 in the algebra, such that 


Jit = 


and also a number J? linearly independent of 1 and J; with respect to F (7) 
such that 
Jot = Ji, 
where ¢ is a polynomial in 7 with coefficients in F. Then, by the associative 
law, 
= 

where [6]* is the kth power of 6. 

Let (2) = L_, ¢.2* = 0 (cen = 1) be the irreducible equation in F of 
degree n satisfied by i. Then, by the above, we have 


0 = = + (Lester) 


But J is linearly independent of 1 and J; with respect to F (i), and thus 
o sc, [0] = 0. 


Hence, by Theorem 4, our theorem follows at once. 
Corotuary. This theorem holds for any number i which is such that any 
number of the algebra which is commutative with it is necessarily in F (7). 


APPLICATION TO ASSOCIATIVE DIVISION ALGEBRAS 


5. General associative division algebras. By arranging the units in a 
square array, we readily prove the 

Lemma. For an associative division algebra over any field F , the order of a 
subalgebra is a factor of the order of the algebra. 
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Coro.iary 1. The order of a linear associative division algebra is a multiple 
of the rank. 

CoroLitary 2. An associative division algebra whose order is a prime is 
necessarily a field. 

If aw be an algebraic number satisfying in the algebraic field K an irreducible 
equation ¢ (2) = 0 of degree n, then a defines over K an algebraic field K (a). 
Furthermore, let a’, ---, a” be the remaining n — 1 roots of d(2) = 0. 
Then, if K (a) is identical with its conjugate fields K(a’),---, K(a), 
then K (a) is called a Galois Field.* 

Then, combining Corollary 1 of the Lemma with Theorems 2 and 5, we have 

TuHeorEeM 6. If D be an associative division algebra over an algebraic field F , 
which contains a number i satisfying in F an irreducible equation of degree n, 
such that any number of D commutative with i 1s in F (7), and such that F (2) 
is a Galois Field, then D is of order mn where m = n. 

Since, for a division algebra, the rank equation is a power of the reduced 
equation, such a number 1 is a factor of the rank. 

From this theorem, we have at once the well-known theorem about qua- 
ternions. For if F be the field R of all real numbers, then the rank n must 
be lor2. Ifn =1, we have the field R. If m = 2, the defining equation 
for a number 7, in D but not in R, may be taken to be 2?+1=0. Then 
F (7) is simply isomorphic with the field C of ordinary complex numbers, and 
hence is algebraically closed. Thus every root of the 90-equation for 7 is in 
F(i). Butifn =2,m=1or2. Ifm =1, D is (abstractly) the same as 
the field C. If m = 2, the 0-equation is of degree 2, every one of its roots 
is a root of 7? + 1 = 0, and no root is double. The 0-equation for 7 accord- 
ingly must be 7? + 1 = 0, which has the roots i and —i. This means that, 
in the algebra, there is a number j + 0 such that ji = — 7j; and moreover 
the only numbers satisfying this relation are of the form y(7)j, where y is a 
polynomial with coefficients in R. Furthermore there are two and only two 
such numbers linearly independent with respect to R, and these may be 
taken to be j and k = 77. Thus we have the 

Coro.tuary. Over the field R of all real numbers, the only linear associative 
division algebras are the field of reals, the field of ordinary complex numbers, and 
quaternions. 

6. Algebras over F containing a number i such that F (i) is a Galois field. 
From Theorem 2 we have at once 

THEOREM 7. If D is an associative division algebra over an algebraic field F 
which contains a number 1 satisfying an irreducible uniserial abelian equation 
(of degree > 1), then the algebra is of Type A. 


*Hilbert, Jahresbericht der Deutschen Mathematiker-Ver- 
einigung, vol. 4, p. 247; Bachmann, Zahlentheorie, vol. 5, p. 30. 
Trans. Am Math. Soc, 12 
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From Theorems 2, 5, and 6, we have 

TuHEeoreM 8. If D is an associative division algebra of rank n, over an alge- 
braic field F, which contains a number i satisfying an irreducible wniserial 
abelian equation of degree n, then the entire algebra can be seni by 2 and a 
number j such that ji = 0(1)j where 0 + i. 

This is Wedderburn’s theorem, which he proved by using the group of the 
irreducible equation satisfied by 7.* 

We have a theorem of this nature for the more general case where 7 satisfies 
an equation in F which is irreducible in F but completely reducible in F (7), 
though not necessarily an abelian equation. Let D be an associative division 
algebra of rank n. Then, by Theorem 6, the order is mn, where m =n. 
Further, by § 2, the 6-equation for 7 is an equation in F (7) which is of degree 
m; and, in view of Theorem 2, this equation—when considered as an ordinary 
algebraic equation in F (1 )—is completely reducible, since the reduced equa- 
tion for 7 is completely reducible in F (7). 

By Theorem 3, we know that, if 6:(1) and 62(7) be two roots of the 
Q-equation fori, then and 62(6:) are also roots of this 0-equation; 
and accordingly the m distinct roots of the 0-equation may be put in s sets 
of r each (rs = m) 

6, = 1%, O(t), (2), 


0(02), +++, (62), 


(10) 


where r is the lowest positive integer / such that 6' = 7, where @2 is a root of 
the 6-equation not in the first row of the array (10), 43 is a root not in the first 
two rows of (10), etc. 

Let j7 + 0 be one of the numbers of the algebra corresponding to the root @, 
thus, ji = 07. Then, by Theorem 4, every such number is the product of j 
by a number in F(z). The rn numbers 


i, 


(11’) 


tee, a" j = 


are linearly independent with respect to F by Dickson’s work for Type A. 
The value of 6 on each row gives the 9 corresponding in the equation Ji = OJ, 
when @ is in F(z). 


*L.c., p. 163. 
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Let 72 + 0 be a number corresponding to the root 6.. Then iz j corresponds 
to 6(62); and, in general, since 


(a2 j*)t = (j* 1) = (% = (02) 
i, j* corresponds to 6*(@,). Now the 2rn numbers in the array (11’) and in 


(11”) ej; = 6(6@2) 


are linearly independent with,respect to F. For if they were not linearly 
independent, then there would exist two polynomials, ¥2(7) and x2(j), 
neither of which is zero, such that 


But since y2 and x2 both have inverses, this is equivalent to saying that 
= Vi(i)ixi(), 

which is impossible, since 72 corresponds to 62, a root of the @-equation for 7 
distinct from 6; = 7, 0(7), +++, @(¢). 

In a similar manner, we show that any number of D is expressible in the 
form 
and thus we deduce 

TuEorEM 9. If D be an associative division algebra of rank n, over an alge- 
braic field F , which contains a number i satisfying an equation of degree n which 
is irreducible in F , but completely reducible in F (i), then the algebra can be 
generated by s + 1 numbers of the algebra j, i; = 1, 2, +++, ts where s is a factor 
of m, where mn 1s the order of D. 

By (1), we have 

Coro.ttary 1. Some power of each of the numbers j, i2, «++, t, 18 an ele- 
ment of F (2). 

If, in particular, m is a prime, then we have 

CoroLiary 2. An associative division algebra D, which is of rank n and 
order pn (p,a prime) can be generated by two numbers of the algebra if it contains 
a number i satisfying an equation of degree n which is irreducible in F, but 
completely reducible in F (7). 

7. Division algebras of Type A. If, in particular, an algebra of Type A 
is a division algebra, and if n is the rank of the algebra, then there are certain 
restrictions on r and 7 as evidenced by the following theorems. 


i 
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THeoreM 10. For an associative division algebra of rank n which satisfies 
conditions (a), (b), and (c), the integer r of equation (1) is a factor of n. 

For j satisfies an equation in F of degree n, and it satisfies an irreducible 
equation in F of degree n;. Now; must bea factorofn. Forlet R(x) = 0 
be the equation in F of lowest degree satisfied by every number z in the alge- 
bra—this is called the rank equation. Let p(x) = 0 be the equation in F 
of lowest degree satisfied by 7. Then it is a well-known fact* that, for any 
linear associative algebra, every root of R(a«) = 0 when considered as an 
ordinary algebraic equation in F is a root of p(x) = 0 when considered as an 
ordinary algebraic equation in F; and conversely every root of p(x) = 0 
is a root of R(x) = 0. Then, since we are considering a division algebra, 
R(x) must be a power of p(a), and thus m, is a factor of n. 

Let p(j) be 
(13) t+: +th= 


where the f’s arein F. Now m, =r and therefore n, = gr + ro whereq 21, 
and0 =r <r. Hence, since j” = g(7), (13) implies 


ker 
(9 (i) + + = 0, 
where the coefficients of the powers of j are polynomials in g(z) with coef- 
ficients in F. Since the degree of this equation in F (7) satisfied by 7 is less 
than r, the left member must be identically zero in F (7) and, in particular, 


=O. 


Thus j satisfies an equation in F of degree gr =r. Hence ro = 0, and our 
theorem is proved. 

THEOREM 11. Given an associative division algebra D which is of order mn 
and rank n. Let i be a number in D which satisfies an irreducible equation in F 
of degree n, and let there be in D a number j not in F (2) such that 
where 0 and o are polynomials with coefficients in F. Then m necessarily has a 
factor in common with n. 

THEoREM 12. There is no associative division algebra of Type A and of 
order pi pz where p; and pz are distinct primes. 

THEOREM 13. For an associative division algebra of Type A and order p*, 
where p is a prime, the rank equation for the general number of the algebra is a 
uniserial abelian equation. 


Bryn Mawr 
Bryn Mawr, Pa. 


Scheffers, 1. c.; Frobenius, 1. p. 59; Weyr, 1. c. 


THE CONVERSE OF THE THEOREM CONCERNING THE DIVISION 
OF A PLANE BY AN OPEN CURVE* 


BY 


J. R. KLINE 


In his paper, “On the foundations of plane analysis gitus,”t R. L. Moore 
proved that if J is an open curvet and S is the set of all points, then S — 1 = 8, 
+ S:, where S; and S, are connected point sets such that every arc from a 
point of S, to a point of S, contains at least one point of /.§ Clearly the sets 
S; and S, are non-compact.|| Professor Moore’s theorem is proved on the 
basis of his set of axioms 23. Thus the theorem 1s true in certain spaces which 
are neither metrical, descriptive, nor separable. 

This theorem for open curves is analogous to the theorem of Jordan,{ that 
a simple closed curve lying wholly within a plane decomposes the plane into 
an inside and an outside region. The converse of this theorem for simple 
closed curves was first formulated by Schoenflies,** who makes use of metrical 
properties in his proof. A different proof has been given by Lennes,}+ who 
uses straight lines. R. L. Moore has pointed out that, on the basis of 23, ~ 
an argument similar in large part to that of Lennes can be carried through 
with the use of arcs and closed curves. 

The object of the present paper is to show that the converse of the open 
curve theorem holds in spaces satisfying 23. The statement of the converse 
theorem is as follows: 
~ * Presented to the Society, October 28, 1916. 

{ These Transactions, vol. 17 (1916), pp. 132-64. 

t An open curve is defined by Moore as a closed connected set of points M such that if P 
is a point of M, then M — P is the sum of two mutually exclusive connected sets of points, 
neither of which contains a limit point of the other. See R. L. Moore, loc. cit., p. 159. 

§ Loc. cit., pp. 160-162. 

|| Fréchet calls a set of points M compact if every infinite subset of M has at least one limit 
point. Cf. M. Fréchet, Sur quelques points du calcul fonctionnel, Rendiconti del 
Circolo Matematico di Palermo, vol. 22 (1906), §9. A set of points which 
does not possess this property is said to be non-compact. 

4] C. Jordan, Cours d’ Analyse, 2d ed., Paris, 1893, p. 92. 

** A. Schoenflies, Ueber einen grundlegenden Satz der Analysis Situs, Nachrichten 
der Géttinger Gesellschaft der Wissenschaften (1902), p. 185. 

tt N. J. Lennes, Curves in non-metrical analysis situs with an application in the calculus of 


variations, American Journal of Mathematics, vol. 33 (1911), §5. 
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Suppose K is a closed set of points and that S — K = 8S, + S2, where S, 
and S» are non-compact point sets such that (1) every two points of S; (1 = 1, 2) 
can be joined by an are lying entirely in S;; (2) every are joining a point of S1 
to a point of S2 contains a point of K; (3) if O is a point of K and P is a point 
not belonging to K, then P can be joined to O by an are having no point except 
O in common with K. Every point set K that satisfies these conditions is an 
open curve. 

In order to prove our theorem, we shall first establish the truth of several 
lemmas. 

Lemma A. Suppose J is a simple closed curve* such that (1) A and B, 
two distinct points of K , both lie on J and (2) J — A — B = AF, Bt + AF. B 
where AF, B is a subset of S, while AF. B is a subset of Sz. The interior I of J 
must contain at least one point of K . 

Proof. Suppose Lemma A is false. Then I contains only points of S; + S2. 
Let P be any point of I. Join P to F, by an arc lying except for F; entirely 
inI. Join P to F2 in the same manner. The point set, PF; + PF:2, con- 
tains as a subset an arc F; XF,, which contains no points of K. But this is 
contrary to our assumption concerning arcs from a point in S; to a point in S2. 

Lemma B. Under the same hypothesis as in Lemma A, if [X] denotes the . 
set of all points of K , which are in I, then [|X] + A + B is a simple continuous 
arc from A to B. 

Lemma B can be proved by methods similar to those of Lennes. 

Lemma C. No subset of K is a simple closed curve. 

Proof. Suppose some subset J of K is a simple closed curve. The point 
set S, cannot lie entirely in J, the interior of J. For if every point of S, 
is in I, then every infinite subsett of S, must have at least one limit point. 
This is contrary to the supposition that S,; is non-compact. In like manner, 
S» is not entirely in J. 

No point of K belongs to J. For suppose a point F of K belongs to I. 
Let G be a point of S; not in J. Every are from F to G must contain a 

-* If A and B are distinct pcints, a simple continuous arc from A to B is defined by Lennes 
as a bounded, closed, connected set of points containing A and B but containing no connected 
proper subset that contains both A and B. See N. J. Lennes, loc. cit., p. 308. In the present 
paper “arc” and “simple continuous arc” will be used synonymously. A simple closed 
curve is a set of points composed of two arcs AXB and AYB that have no common point 
except A and B. 

t If AF; B is a simple continuous are, AF; B denotes the point set AF; B — A — B. 

t See F. Hausdorff, Grundziige der Mengenlehre, Leipzig, 1914. See also E. W. Chittenden, 
The Converse of the Heine-Borel Theorem in a Riesz Domain, Bulletin of the Ameri- 
can Mathematical Society, vol. 21 (1915), pp. 179-183, and vol. 20 (1914), 
p. 461. For a proof that in the presence of certain linear order axioms, the Heine-Borel 
Theorem is equivalent to the Dedekind-cut Postulate, see O. Veblen, The H: eine-Borel Theorem, 
Bulletin of the American Mathematical Society, vol. 10 (1903-4), 
pp. 436-39. 
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point of K, different from F, namely a point of J. But this is contrary to 
hypothesis. Hence J is a subset of S; + S2. 

Suppose J contains a point P of S, and a point Q of S.. Then P and Q 
can be joined by an arc lying entirely in J and therefore containing no point 
of K. But this is contrary to hypothesis. 

Suppose J contains a point L of S;. Let G denote any point of S; not in J. 
Since J consists entirely of points of K, Gis not on J. Every are from L 
to G must contain a point of K, namely, a point of J. But this is con- 
trary to hypothesis. Hence J contains no points of S,. 

In like manner J contains no point of S2. 

Thus the supposition that J, a subset of K, is a simple closed curve leads 
to a contradiction. 

Lemma D. Suppose J; and J2 are simple closed curves such that (1) A and 
B , two distinct points of K , lie on both J, and Jz and (2) J; - A — B = AF{ B 
+ AF} B (i =1,2) where AF; B is a subset of S; while AF: B is a subset 
of S.. Under these conditions the subset of K within J, is the same as the subset 
of K within Je. 

Proof. Let K, denote the set of all points of K within J,, while K, denotes 
the set of all points of K within J.. By Lemma B, K, + A + Bisa simple 
continuous arc from A to B, as is also the point set, Kp + A+B. 

Suppose Lemma D is false. Four cases may arise: 

Case I. Ky, is a proper subset of Kz. Then K2+A+8B contains a 
proper connected subset K; + A + B, which contains both A and B. But 
this is contrary to the definition of a simple continuous are from A to B. 

Case II. Kz is a proper subset of K,. Impossible as in Case I. 

Case III. Kz consists of two non-vacuous point sets, G; and G,, where 
G, denotes those points of Ky which are points of K,, while G, denotes those 
points of K2 which are not points of K,. 

By hypothesis, K2 contains no point of J;. Hence all points of K, must 
lie within J;. For suppose a point P of K2 is without J;. Then K»2 can be 
divided into two mutually exclusive sets, M, and M2, where M, is the set 
of all points of Ke within J; while Mz is the set of all points of Kz without J;. 
Manifestly neither of these sets can contain a limit point of the other. Hence 
the supposition that K2 contains points without J; leads to a contradiction. 

As all points of Ke lie within J; and are points of K, then, by definition of 
K,, either (1) Ke is the same as K,, which is contrary to supposition or (2) 
Kz is a proper subset of K,, which is contrary to Case II. 

Case IV. K, and Kz have no common point. The point set, K, + Ky 
+ A+B, is a simple closed curve composed entirely of points of K. But 
this is contrary to Lemma C. 

DeriniTIon 1. The points A, B and X [A + B] of K are said to be in 
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the order AXB, if, and only if, X is within some simple closed curve J, such 
that (1) A and B are on J and (2) J —-A—B=AF,B+AF,B, where 
AF, B is a subset of S;, while AF, B is a subset of S2. 

~ That the set of all points [X] such that AXB is the same for every such 
closed curve J follows at once from Lemma D. 

Lemma E. If A and B[A + B] are points of K, then there exists a point 
X of K such that AXB. 

Lemma F. If ABC, then CBA. 

Lemma G. If ABC, then A + Band B+C. 

Lemma H. If ABC, then not BAC. 

Proof. Construct a simple closed curve J such that (1) A and C are on J 
and (2) J —-A—C = AF,C + AF.,C, where AF; C is a subset of S; while 
AF, C is a subset of So. ~ By Definition 1 and Lemma D, B is withinJ. Join 
B to F, by an arc lying except for B entirely in S,;. The arc BF; has no 
point in common with the are AF; C, which, except for A and C, contains 
only points of S,. Let G, denote the first point that the are BF, has in 
common with the are AF,C. Join B to F, by an arc lying except for B 
entirely in S2 and let G, denote the first point of the are BF, which is on the 
arc AF,C. The point set, G; B + G: B, is a simple continuous arc, lying 
except for its end points, G; and G2, entirely within J and containing only 
the point B of K. The point set, G, AG:, is without the closed curve 
BG, CG, B.* 
Hence, by Lemma D and Definition 1, not BAC. 

Lemma I. There is but one arc of K from A io C. 

Proof. If there were two such arcs, their sum would contain as a sub- 
set at least one simple closed curve. But this is contrary to Lemma C. 

Lemma J. A necessary and sufficient condition that three distinct points, 
A,B, and C of K should be in the order ABC, is that B should be on the K-are 
from Ato C. 

Lemma K. If A, B, and C [A +B, B+C,C + are points of K, 
then either ACB, CBA, or BAC. . 

Proof. Suppose ACB is false. Let J be a simple closed curve such that 
(1) A and B are on J, and (2) J — A — B = AF, B+ AF, B, where AF, B 
is a subset of S, while AF. B is a subset of S.. By Definition 1 and Lemma 
D, the point C is without J. Join C to F, by an arc lying except for C en- 
tirely in S,;. Join C to F, by an arc lying except for C entirely in S,. Let 
G, denote the first point which the arc CF; has in common with the arc 
AF, B. Let G2 denote the first point which the are CF, has in common 
with the are AF, B. The point set, CG, + CG2, is a simple continuous are 
from G, to Gz, lying except for its end points entirely without J and contain- 


*See R. L. Moore, loc. cit., Theorem 24, p. 141. 
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ing only the point C of K. Hence either (1) B is within CG, AG: C or (2) 
A is within CG, BG, C.* In Case I, CBA while in Case II, CAB. 

Lemma L. If A, B, and C (A+B, B+C, C +A) are points of K, 
in the order ABC, then the K-are AC = the K-are AB + the K-arc BC. 

Proof. Consider the figure described in the proof of Lemma H. The inter- 
ior of J = G, BG, + the interior of AG; BG, A + the interior of BG; CG, B.t 
The point set G; BG: contains ouly the point B of K. The points A and B, 
together with those points of K that lie within AG, BG, A, form the K-are 
AB, while the points B and C,, together with those points of K that lie within 
BG, CG, B, form the K-are BC. But the points A and C together with the 
points of K within J form the K-are AC. 

Hence the K-arec AC = the K-are AB + the K-are BC. 

Lemma M. If ABC and BDC, then ADC. 

Proof. By Lemma WZ, the K-are AC = K-arec AB + K-are BC. By 
Lemma J, D is on the K-are BC. Hence D is on the K-are AC. Thus, by 
Lemma J, ADC. 

Lemma N. If ABC and ADC and B + D, then ABD or DBC. 

Proof. By Lemma L, the K-are AC = K-are AD + K-are DC. By 
Lemma J, B is on the K-arec AC. Hence, as B + D, then either B is on the 
K-are AD or B is on the K-are DC. Hence, by Lemma J, either ABD or 
DBC. 

It can easily be shown that the following Lemmas O-S are logical conse- 
quences of Lemmas F, H, G, K, M, and N. 

Lemma O. If ABC and ADC and B + D, then ABD or ADB. 

Lemma P. If ABC and BCD, then ABD. 

Lemma Q. If ABC and BDC, then ABD. 

Lemma R. If ABC and DBC and A + D, then ADB or DAB. 

Lemma S. If ABC and DBC, and A + D, then ADC or DAC. 

Lemma T. If P is a point of K, which is contained in some segment of K 
and Mis a subset of K, then P is a limit point of M, if, and only if, every seg- 
ment of K , containing P contains at least one point of M distinct from P. 

Proof. Suppose P is a limit point of M. Let APB denote any segment 
of K that contains P. Construct a simple closed curve J such that (1) A 
and B are on J and (2) J — A — B = AF, B + AF; B, where AF; B is a 


subset of S,; while AF, B is a subset of S:. All points of the segment APB 
lie within J. As P is a limit point of M, the interior of J must contain at 
least one point P of M, different from P. All points of M are points of K. 
Hence, as APB contains all points of K in the interior of J, APB contains a 
point of M distinct from P. ae 


* For a proof of this statement see R. L. Moore, loc. cit., Theorem 27, pp. 144-5. 
tT See R. L. Moore, loc. cit., Theorem 25, pp. 141-2. 


182 J. R. KLINE [April 


Suppose every segment containing P contains at least one point of M dis- 
tinct from P. Let APB be any segment of K containing P. Let us assume 
that P is not a limit point of M. Then there exists a region R containing P 
and containing neither A, B, nor any point of M other than P. Let X de- 
note the first point of the K-are PA on R’, the boundary of R. Let Y 
denote the first point of the K-are PB on R’. The K-segment XPY is 
within R. Hence the supposition that R contains no point of M different 
from P leads to a contradiction. 

Lemma U. If A and B (A + B) are points of K, then B is not a limit 
point of the set of all points [C] such that BAC. 

Proof. Suppose B is a limit point of the set of all points [C] such that 
BAC. Put about B a region R. Infinitely many points of [C] must lie 
within R. Of these points we can select a sequence C,, C2, ---, having B 
as their only limit point and lying in R.* Call C,, Cy. The K-are AC; 
cannot contain all the points C2, C;, Cy, --+. For suppose it did. Then 
as B is a limit point of C2, C3, Cy, ---, B is a limit point of the point set 
AC;. But the set AC; is closed. Hence B must belong to the point set 
AC,. By Lemma G and Definition 1, A + B+C,. Hence ABC,. But 
by Lemma H, if BAC,, then not ABC. 

For no values of i and j (i + j) can B lie on the K-are C;C;. For suppose 
for i = k and j = n, B is on the K-are C.C,. As C. + B+ Cy, then by 
Lemma J, C, BC,. By Lemma Q, C, BC, and BAC, imply that Ch BA 
and hence, by Lemma F, ABC;,. But, by Lemma H, BAC; implies not 
ABC,. 

Let C, denote that point of the set C2, Cs, Cx, «++ of least subscript which 
does not lie on the K-are AC,. Let C3; denote that point of least subscript 
of the set Cs, C,, Cs, «++, which does not lie on the K-are AC,. Continue 
this process and obtain an infinite sequence of paints C,, C2, C3, «++, and an 
infinite sequence of K-arcs AC,, Ci C2, ---. Let M denote the set of all 
points of the arcs of this sequence. The point B is the only limit point of the 
set C,, C2, C3, +--+. In view of the above lemmas concerning order on K, 
it is clear that the points B, A, Ci, C2, ---, are in the order BAC, C2 --- 
Co Car 

Either the point B is the only limit point of M, not contained in M, or 
there is at least one other limit point of M, not in M. 

Case I. Suppose some point E, not in M, and different from B, is a 
limit point of M. 

As M is a subset of K and as K is closed, E is a point of K. Hence, as 
A+ B,B+ E, E +A, it follows, by Lemma K, that either EAB, ABE, 
or BEA. 

* See R. L. Moore, loc. cit., Theorems 8 and 9, p. 134. 
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Since the K-segment AB contains no points of M, it follows, by Lemma 7, 
that the order BEA does not hold. 

Suppose EAB. Then since A is a limit point of M and M is connected, 
it easily follows, with the help of Lemma 7, that M is a subset of the K-are 
EB. No point P of M is inthe order APB. Hence M is a subset of the K- 
arc EA. The K-are EA is closed. Hence B, which is not on this are, 
cannot be a limit point of M. Thus the supposition that E, A, and B are 
in the order EAB leads to a contradiction. 

Suppose ABE. Then, since every point P of M is in the order BAP, it 
follows that no point of M is on the K-segment EA. Hence, by Lemma 7, 
B is not a limit point of M. Hence the supposition that ABE leads to a 
contradiction. 

Case II. Suppose B is the only limit point of M, not in M. In Case II 
it can easily be shown that the point set M + B is a simple continuous arc 
from A to B having no points except A and B in common with the K-are 
AXB. But this is contrary to Lemma C, as M + AXB is a simple closed 
curve which is a subset of K. 

‘Hence the supposition that B is a limit point of [ C'] leads to a contradiction. 

Lemma V. If A and B[A + B] are points of K, then there exists a point 
E of K such that ABE. 

Proof. Construct a simple closed curve J such that (1) A and B are on J 
and (2) J —- A — B = AF, B + AF, B, where AF; B is a subset of S; while 
AF, B is a subset of S.. By Lemma U, B is not a limit point of the set of 
all points [C] such that BAC. Hence we can put about B a region R, con- 
taining no point C such that BAC and containing no point of the are F; AF2. 
There exists a segment MXN such that (1) M and N are on J, (2) the seg- 
ment MBN of the curve J is within R and (3) MXN and the interior of 
MXNBM are in R and without J.* The points M and N cannot both be 
points of S,;. For if M and N are both points of S,, then that arc of J from 
M to N which contains B, will also contain A. But this is contrary to our 
choice of R. In like manner M and N are not both points of S2. 

As the are MXN joins a point of S, to a point of S, it must contain at least 
one point E of K. As E is without J, the order AEB does not hold. As 
E is within R, the order EAB does not hold. 

Hence, by Lemma K, ABE. 

We are now in a position to prove our theorem. That K is connected 
follows at once from Lemmas A and B. 

Let P be any point of K. That K — P = K, + Ke, where K, and K, 
are two mutually exclusive connected point sets neither of which contains a 
limit point of the other may be proved as follows. Take A any point of K, 


*See R. L. Moore, loc. cit., Theorem 45, p. 157. 
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different from P. Let K, denote the set of all points [X] of K such that 
X = A, PXA or PAX, while Kz denotes the set of all points [Y] such that 
APY. That Kz is not vacuous is a consequence of Lemma V. That Ki 
and Ky are connected follows with the aid of Lemma B, while it may be 
proved, with the aid of Lemma U, that neither of these sets contains a limit 
point of the other. 
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ON THE CONFORMAL MAPPING OF CURVILINEAR ANGLES. 
THE FUNCTIONAL EQUATION ¢[f(2x)] = a: ¢(2)* 


G. A. PFEIFFER 
INTRODUCTION 


In the problemj of the conformal mapping of a curvilinear angle, that is 
the configuration consisting of two intersecting analytic arcs, on a rectilinear 
angle, the mapping to be conformal at the vertex, the functional equation 
[f (2)] = a1¢(2), where is the unknown function and a; = const., 
is fundamental. This equation has been treated by various writers,{ but it 
appears that under the hypothesis made in this paper the existence of divergent 
solutions has never been proved, although the existence of formal solutions is 
obvious and divergence of these solutions is probably the general case. Be- 
sides showing the existence of divergent solutions it is shown that the latter 
have a significance inherent to the particular mapping problem referred to. 
The fact is that there exists a mapping function (not unique) which is not 
analytic at the vertex of the curvilinear angle but which, at the vertex, is 
represented asymptotically to any given finite order m by the sum of the 
first m terms of any particular divergent solution of the functional equation 
which corresponds to the angle in question. 


* Presented to the Society, October 30, 1915 and April 29, 1916. 

t+ See E. Kasner, Conformal geometry, Proceedings of the Fifth International Congress, Cam- 
bridge (1912), vol. 2, pp. 81-87. Also, On the conformal geometry of analytic arcs, by the 
writer, American Journal of Mathematics, vol. 17 (1915), pp. 395-430, 
and L. T. Wilson’s Harvard dissertation (1915). E. Kasner in a paper in these Trans- 
actions, vol. 16 (1915), pp. 333-349 treats another aspect of the same general problem. 
He considers the mapping of irregular analytic arcs (in the neighborhood of a singular point) 
and his work suggests various problems of convergence, somewhat similar to that considered 
in the present paper. 

TE. Schroeder, Mathematische Annalen, vol. 2 (1870), p. 317 and 3 (1871), 
p. 296. J. Farkus,; Journal de Mathématiques (3), vol. 10 (1884), p. 102. 
G. Koenigs, Annales de l’école normale, 1884. A. N. Korkine, Bulletin 
des sciences mathématiques (2), vol. 6 (1882), p. 228. A. Grévy, Annales 
de l’école normale, 1894. L. Leau, Toulouse Annales, 1897. A. A. 
Bennett, Annals of Mathematics, vol. 17 (1915). Also, see the references given 
above. For other references see Pincherle, Encyklopddie der mathematischen Wissenschaften, 
II, A 11. 
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The writer desires to express his indebtedness to Professor G. D. Birkhoff 
for valuable suggestions pertaining to the problems treated here. 


1. THE EXISTENCE OF DIVERGENT SOLUTIONS OF THE FUNCTIONAL EQUATION 


THeoreM. There exists an analytic function, f(r) + 
}a;| = 1 but a} + 1, for all positive integral values of n, such that the functional 
equation 

[f(z)] = a 
has no solution which is analytic about the origin and which has a non-vanishing 
derivative there, i. e., every formal solution, =e, 2 + ---,* 
c, + 0, ts divergent for all values of x, except x = 0. 

If =e, 2 + +--+, 0, is any formal solution of the above 
functional equation then the coefficient of zx‘ in the expansion of 


(a, 2 + aga? + + + 
+ +++ + a2 27+ +a; 


is equal to the coefficient of zx‘ in the expansion of a,(c:2 + ¢,.27+--> 
+c,z'). We thus obtain 


‘ _ala(l — a) a3 + 2a; a3] 

a,(1 —a;)’ ai (1 — a) (1 — aj) 
_ altar — a) (1 — af) «++ (1 — af") nga + «++, 
ai (1 — ay) (1 — aj) (1 — aj) 
where «++, is a polynomial in a;, a2, @,. Now consider 


the functions +, of a; and 7; obtained by replacing a; by a; and c; by y in 
the second member of each of the equalities of the above set, i. e., 


— a) (1 — af) (1 — af") + Prti (ar, 
aj (1 — a1) (1 af) (1 af) 


To prove the theorem we proceed to determine a set of values [a;] for the a; 
such that the a; are the coefficients of a convergent power series and |a;| = 1, 
a} + 1, and such that c; (4 = 2,3, ---), the corresponding values of 7;, 
are the coefficients of a power series with a zero radius of convergence for 
every value of 71 except zero. 

We write 


(ai, +++, = af (1 — a1) (1 — af) (1 — af") 
+ +++, Qn). 


* By the method of undetermined coefficients it is immediately seen that every formal 
solution of the given functional equation has no absolute term. 
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Let a be such that a" = 1, where m is the smallest such positive integer, 
i. e., @ is a primitive mth root of unity. Then the coefficient of a4; in 


Fin4i(@, G2, ***, Qmy1) is different from zero. Consequently, we may take 
definite values of a2, SAY G2, ***, respectively, such that 
— = 2,3, ---, m+ 1, where 4 is an arbitrary positive number 
and the a?, i = 2,3, ---, are the coefficients of any convergent power series, 
and such that for some positive number Fin41(t, d2, +++, + O for 
jt -—a|<«. In particular, a2, ---, am, a} may all be taken equal to zero. 


Let €; = €; be a positive number such that no root of unity of order less 
than m is in the range Such a number, obviously exists 
since there is only a finite number of such roots of unity. Then 


(t, a2, Om41) 


has a lower bound pm41 > 0 for |t — a| <= ¢; and, hence, by introducing the 
factor (1 — ¢”) we can find a positive number e, = «¢; such that 


Frii(t, ae, Om+1) 


where Am+1 is as large as desired, for 0 <|t — a| < e{ and |t|= 1. 

Now, let p > m be a positive integer such that the number b is a primitive 
pth root of unity and |a — b| < ¢/2.* Again, there exists a positive num- 
ber = /2 such that for fixed values a2, @p41 such that |a; — < 6, 
{= 2,3; p+ ae, + 0 for —b\< €2. Here 
the a;, 1 = 2, ---,m+1, are those fixed upon above and, again, in par- 
ticular, the a;,1 = m +2, m+ 3, ---, p, may all be taken equal to zero. 

Then, let €; = €2 be a positive number such that no root of unity of order 
less than p is in the range |t — b|= ;. Then, as above, 


Fou (t, a2, Opti) 
(1 


has a lower bound up+1 > 0 for |¢ — b| S e; and there exists a positive num- 
ber , €, = such that 


Fpii(t, a2, Opes) 
P(1—t)---(1—P) 


> Apti> 


where A +1 is an arbitrarily large number, for 0 <|t — b| < ef and |t|=1. 
Again, choose r > p such that c is a primitive rth root of unity and |b — c| 


*If a = cos 2al/m + 7 sin 2xl/m, where l is a positive integer less than and prime to the 
positive integer m, we may take for p any prime number greater than 4x/e, and m. Then, 
it is easily shown that b = cos 2xk/p + i sin 2xk/p, where k is an integer such that lp/m — 1 
<k <lp/m +1, is such that |a —b| < 
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< ¢,/2 and continue as before. Thus, corresponding to the terms of the 
infinite sequence n, p, r, «++ we obtain the inequalities 


ae, Om+1) | 


m(1—t)---(1 — 7 


for \t|=1, 


Fri (t, G2, 


rae for 0<|t-—el<e¢, 


where Amsi, Ap+i, Arzi, *** iS an infinite sequence of numbers each as large 
as desired and the a,, i = 2,3, ---, are the coefficients of a convergent 
power series. 

The ranges |t —a|<e,, |t —b|< —c|< --+, where |¢|=1, 
are such that each is contained in the preceding one and the roots of unity 
contained in the ith range are all of an order greater than the nith (7 = 1, 
2, +++), where n; is a positive integer which increases indefinitely with 7. 
Then there is one and only one value of ¢, say ¢ = a;, common to all these 
ranges and this value cannot be a root of unity. Hence a; is common to all 
these ranges with the points t = a, b, c, --- deleted and thus all of the in- 
equalities of the above set hold for this one value of ¢. Consequently, putting 
a; =a;, 1=1,2,-++, we have |¢msi|> >| 71 
lerzi| >|yilAr41,°*+. Assuming that the \’s were taken so that the sequence 
Amtt» is unbounded then the sequence lemeil, 
*** is unbounded as long as y1 +0. Therefore, every formal 
solution, c;2 + ¢2,27+---, ¢: +0, of the given functional equation is 
divergent for all values of « +0 if f(a) is taken as the power series 
+ just setup. Q. E. D. 

Let there be given any analytic function g(x) = Aya + Aga®?+-:--, 
where a positive integral power of A; is unity. Then, from the method of 
setting up the function f(z) = a, 2 + a, 2? + --~ it is seen that the latter 
can be taken so that we have |a; — A;| < 6 for all positive integral values of 7, 
where 6 is an arbitrary positive number. This implies that the same fact 
holds without the restriction that A; be a root of unity but merely that 
1. 

Furthermore, it is obvious from the set of equalities determining y; that 
if all the solutions ¢(z2) = + ---, +0, of the functional 
equation diverge for all non-vanishing values of x when f(x) = a, 2 + a2 2” 
+ ---, then the same holds for every analytic function a; x + A, x? + A; 2° 
+--+ if |A; —a;|<6;, 7 =2,3,---, where the 6; are suitably chosen 
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positive numbers; but for this restriction the A; are arbitrary.* From this 
latter part it follows that there are at least as many analytic functions f (2) 
= a,x + a227+---, |a:1|= 1, a} +1, for which all the formal solutions 
=e, 2 + e227 +--+, + 0, of the functional equation are divergent 
for all non-vanishing values of x as there are functions of the same kind for 
which the functional equation has convergent solutions ¢(2) = ¢, 2 + ¢2 2? 
+ --+,¢,+0. That is the power of the set of all functions f(x) of the 
former type is at least equal to the power of the set of all functions f (2) of 
the latter type. "We thus have the 

THeorEM. Let g(x) = Aix + Aga? + --- be any analytic function de- 
fined in the vicinity of the origin and such that |.A,| = 1, then there exists an 
uncountable infinity of analytic functions, f (2) = a, x2 + + ---, defined 
in the vicinity of the origin and such that 'a;!=1, aj +1, n=1,2,---, 
and |\a; — A;|<6, i=1,2,---, where 6 is an arbitrary positive number, 
for which the corresponding formal solutions of the given functional equation are 
all divergent everywhere except for x = 0. 


2. A GEOMETRICAL APPLICATION 


As stated above the functional equation considered arises in the problemt 
of mapping a curvilinear angle upon a rectilinear angle of magnitude incom- 
mensurable with + when the mapping is required to be conformal at the 
vertex of the angle. Without loss of generality we suppose that the curvi- 
linear angle (A) consists of the two analytic arcs 


Ci:y=f(r) 
=0 


situated in the z = x + iy-plane (x and y real). The rectilinear angle is 
taken in the w = u + iv-plane (u and v real) and has the lines C} : » = bi, u 
and C,:v = 0 for its sides. In the mapping the origin of the z-plane corre- 
sponds to the origin of the w-plane, a segment of the z-axis about the origin 
z = 0 goes into a segment of the u-axis about the origin w = 0 and the are C; 
goes into a segment of the line C; : » = b; u in the neighborhood of w = 0. 
Let : Y = F(X) = Bi, X + B, + be the transform of the are C; 


under the transformation 


(b; real) and 


Y=a2-yy. 


Since the angle between the arcs C; and C2 is incommensurable with 7 we have 
|B,| = 1 and Bi + 1 for all positive integral values of n. Now, if the curvi- 


* Of course, the same can be said in the case of convergent solutions. 
¢ See references given in the second footnote. In particular, see the two footnotes im- 
mediately following. 
Trans. Am. Math. Sec. 13 
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linear angle is mapped upon the rectilinear angle as required by the trans- 
formation defined by the equation w = ¢(z) =az+to2+-:--,a+0, 
we have 


(a) o[F(X)] = 


and, conversely, any convergent solution ¢(X) =e, X X*+---, 
¢c, real and + 0, of this equation defines a mapping of the two angles as re- 
quired. Furthermore, every formal transformation (c; + 0)* of the curvi- 
linear angle into the rectilinear angle defines a formal solution of the above 
functional equation and, conversely, every formal solution 


=a 


c, real and + 0, of the functional equation defines a formal transformation 
of the curvilinear angle into the rectilinear angle. 


*In this connection we may define ‘“ formal transformation” as follows: The analytic 
arc C:y = +6222 +--- is transformed formally into the analytic are C’: 
v=b'(u) u+b,u°+--- if there exists a sequence of numbers + 0, cz, ¢s, such 
that the transformation defined by w = c,z 
and n = any positive integer, transforms the arc C into an analytic are C’” such that the 
first n coefficients of the power series defining C’’ are equal respectively to the corresponding 
coefficients of b’(u). A curvilinear angle (A) consisting of the analytic ares C, and C¢ is 
transformed formally into the curvilinear angle ( A’) consis.ing of the analytic ares C; and C; 
if C, is transformed formally into C’ and likewise C’ into C, by the same formal transformation. 

t If c: is real then all the other coefficients of any formal solution of the functional equation 
are real. For, let ¢(X) = c; X +c. X? + --- bea formal solution of the equation 


o(F(X)] = Bi ¢(X) 
and let ¢,(X) X +c, X2+--- Then the power series 
G(X) = [Bi- on(X)I, 
where " ( X ) denotes the inverse of ¢, (X ), has its first n coefficients respectively identical 
with the first n coefficients of the series F(X). Putting X = x + if(x) we have 


or 
(8) (Ll +bit) 
1 — bi 
where f, (2) has its first n coefficients respectively identical with the corresponding ones of 
f(x) and, in particular, real. It is immediately shown then by the method of undetermined 
coefficients that c2, ¢3, «++, Cn are real if c, is real. Hence, all the c; of any formal solution 
are real if c; is real. On replacing ¢,(X) and f,(2) by ¢(X) and f(2) respectively it is 
obvious that the statement concerning the reality of the c; is true when ¢(X ) is convergent. 
It is now easy to show that every formal solution (c; real and + 0) of the above func- 
tional equation defines a formal transformation of the curvilinear angle (A) consisting of 
the analytic ares Ch: y = C2: y =0 into the angle (A’) con- 
sisting of the ares C} :v = b; u and Cy :v = 0 such that C, is transformed formally into C} 
and C; into C,. The fact that c, is real and different from zero assures that C2 is transformed 
formally into . Now letu +i = ¢,[x2+¢(2)]. Then, since the c; are real, 


u—w = —if(z)]. 
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The analytic function f (2) = bz + bez? + ---, all real and arc tan 
incommensurable with 7, may be so taken that for the corresponding func- 
tion F(X) = B, X + B, X*? + --- as defined above all the formal solutions 
o(X) =e, X + ce. X2 + +--+, c; + 0, of the functional equation (a) diverge 
for all values of X, except X = 0. From the definition of F(X) we have 
that the coefficient of x* in (1 — bi i) 2 — be — iz? — is equal to 
the coefficient of x* in the expansion of 
By[(1 + by t)a + bo tx? + eee + by | 


+ Bo[(1 +b, + bo ia? + + by ixt P+ 
+ Be [(i + bit) a + bo iz? + + 


After making use of the identity (8) of this footnote we then have 


(1 +bit) onl — + — bit) — 
2(1—bt) 


and 


_(1+b:t) — — (1 — bit) — f(z) ] 
2i(1 — bi) 


Whence, since the first n coefficients of f, (x) are the same as the corresponding ones of f (x) 
respectively, we see that v = b,u+Biy4:u"?+---. Q.E.D. If the formal solution 
o(X) =e, X +--+ real and +0) is convergent then on replacing ¢,(X) by 
@(X) and fa(z) by f(x) we see that v = u, i. e., w = defines a con- 
formal transformation as required. 

The converse that the numbers of the sequence c; + 0, ¢2, cs, +++ which defines a formal 
transformation as described are the coefficients of a formal solution of the functional equation 
is also easily shown. We have the analytic are Ci::y =f(2) =bic trans- 
formed into the analytic are :v=g(u) + + --- by the transformation 
defined by the equation w = ¢,(z) + +¢,2", c; realandc, +0. Then 


=ut+iw and —if(x)] =u — iv, 


where v=g(u). Now =F[x+if(2)] and u—ig(u) =Gl[u+ig(u)], 
where = Bix + +--+. We have then 


i. e., on[ F(X) ] =G[¢,(X)]. Whence by the method of undetermined coefficients it 
is immediately seen that the c;, i = 1, 2, --+, m, coincide with the first n coefficients of that 
formal solution of the functional equation ¢[ F(X) ] = B: ¢(X) which has the same first 
coefficient c:. Hence, it follows that the given c;, i = 1, 2, +--+, are the coefficients of a 
formal solution of the latter functional! equation. 

The equivalence of these two problems, the geometrical and the functional, was pointed out 
by Professor Kasner in a course of lectures at Columbia University, 1912-13. The connection 
between the two problems has not been worked out in detail as here presented as far as the 
writer knows. However, this footnote is inserted here principally for the sake of completeness. 
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We thus obtain the set of equalities: 


B=; (b=1+bhi, b=1—b i), 
— 2ibbs — 4b; 


— 20b"™ by + Pn(b, be, +++, Ont) 


where P,,(b, be, ba-1) is a polynomial in b, be, «++, 
Now consider the functions B; of 8; which are obtained by replacing }; 
by 8; in the second member of each equality of the above set, i. e., 


5 (@=1+4:i, 
2182 


— 218"? B, + Be, 


B, = 


Further, in the set of equations which define 7; let a; be replaced by Bi 
and a; by B; (i = 2,3, ---) expressed in terms of 8 and 6;,7 = 2,3,°:-. 
We have 


— 2% 
| 
"BG —B)’ 
— 1-B 4 
— Bi) (1 Bi) 
— 
vi | (1 (1 BE) BY) Baas + | 


. 


where P,,,; is a polynomial in B,, 1/8, 8, Be, «++, Ba. It will be seen im- 
mediately that the above existence proof applies word for word to prove 
that there exists a sequence of real numbers b;, b2, --- which are the coef- 


, 
- 
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ficients of a convergent power series such that the values of B;, say B,, ob- 
tained when £; is replaced by b; (i = 1,2, ---), are the coefficients of a 
convergent power series B(X) = B, X + B, X*+ --- which is such that 
when F(X) is replaced by B (X ) in the functional equation (a) all the formal 
solutions ¢(X) X +c. X* + ---, + 0, of the latter diverge for all 
non-vanishing values of the argument. In applying the proof referred to we 
merely need to read B, for a;, 6; for a;, B, for a; and b, for a; and restrict ; 
and b, to be real numbers (7 = 2,3, +--+). In making the present proof it 
should also be noted that if 


B, 


then b, is real; in fact, 
are B,; 
b; = tan 2° 
Hence, the numbers of every sequence ¢1, ¢2, --- (¢: real and + 0) which 


defines a formal transformation of the curvilinear angle 
Co:y=0 


into the rectilinear angle 
Ci:0=b,u; C2:0=0 


are the coefficients of a power series which diverges for all non-vanishing values 
of the variable. 

We shall say for brevity that the functional equation (a) corresponds to 
the function f(z) = + boa? +--+ all real). 
be any convergent power series with real coefficients. It will then be seen 
that there exists a convergent series h(x) = d,2+d,27+---, are tan d, 
incommensurable with 7, such that !d; — d;|< 6, where 6 is an arbitrary 
positive number, and such that all of the formal solutions ¢(X) = ¢; X 
+c, X*+ ---, ¢: +0, of the functional equation corresponding to the 
function h(x) are divergent for all non-vanishing values of the argument. 
Stated in geometrical terms we thus have the 

THEOREM. There exists a curvilinear angle (A) of magnitude incommensur- 
able with + and whose sides aré uniformly as near as we please to the respective 
sides of any given curvilinear angle (.A’) and such that no conformal transforma- 
tion of the angle (A) into a rectilinear angle as required exists although there 
does exist an infinite number of formal transformations of the angle (.A) into 
a rectilinear angle. Further, the set of curvilinear angles of magnitude incom- 
mensurable with + which can be transformed formally but not conformally as 
required upon a rectilinear angle is at least as numerous* as the set of those 
which are trnsformable conformally as required. 


* In the sense that the power of one set is at least equal to that of the other. 
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3. ON THE SIGNIFICANCE OF DIVERGENT FORMAL TRANSFORMATIONS 
Let the curvilinear angle (A) consisting of the analytic ares 


=0 
in the z = x + iy-plane be transformed formally into the rectilinear angle ( A’ ) 
consisting of the arcs C, :v = b; u and C,:v = 0 in the w = u + iv-plane 
by the formal transformation defined by the sequence c; + 0, ¢2, ¢3, +++. 
Then the transformation 7; defined by 


+¢,2" 


‘transforms the arc C, into the analytic are : = + Bayi + 


in the z; = 2; + iy;-plane, and a segment of the real axis in the z-plane in the 
vicinity of the origin into a segment of the real axis in the 2-plane in the 
vicinity of the origin. 

Let a = are tan b,, where 0 < a < g and a/r is irrational. The trans- 
formation 7. defined by 

where that branch of the function z,"/* which takes on real values along the 
positive 2,-axis is taken, maps the interior (lying above the x-axis) of the 
angle consisting of the arc T’; and a positive half-segment of the 2;-axis about 
the origin on the interior (lying above the z-axis) of an angle (A2) in the 
zo-plane (z2 = 22 + ty2) which consists of an analytic are I’, having contact 
of the wth order with the z-axis, and a positive half-segment of the x2-axis 
about the origin. Here y is the greatest integer not greater than 
1+ a(n — 1) 
us 

The mapping is conformal in the interior and on the sides of the angle except 
at the vertex, where it is continuous. 

Let R, denote a simply connected region in the upper half of the z:-plane 
whose boundary consists in part of the sides of the angle ( A.) in the neigh- 
borhood of = 0. 

Let z3 = f (22) define a transformation which maps conformally the interior 
of the region Rz upon the interior of a region FR; in the z3-plane and such 
that part of the boundary of R, in the vicinity of the origin goes into the 
part of the real axis of the z;-plane about z3 = 0. The existence of the func- 
tion f (22) follows by the general conformal mapping theorem. Now take 
any simply connected region R; lying within Rz and such that the boundary 
of R; consists of a finite number of analytic arcs and coincides with the bound- 


*See L. T. Wilson, Harvard dissertation, 1915. 
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ary of R; in the neighborhood of z, = 0 and, further, any two adjacent ares 
of the boundary of R; have contact of at least the wth order.* 

Let the boundary of R; be given parametrically by the equations 2 = z2(s), 
Yo = y2(s), where s is the are length. Further, let 

f (22) = yo) + (a2, 
and 
@(s) =ulre(s),y2(s)], = v[ae(s), y2(s)]. 
Since the harmonic function v(22, y2) vanishes along the sides of the angle 
in the zo-plane and since both sides are analytic the function v (2x2, y2) can be 
continued across the boundary of R2 in the neighborhood of the end-points 
of the arc common to the boundaries of R. and R:. Now the boundary of 
R; is such that a2(s), y2(s) have derivatives up to the uth order (at least), 
in the interval 0 = s =1, where l is the length of the boundary of R:, and 
derivatives of all orders in each of a finite number of sub-intervals of O= s =1 
which do not overlap and just make up the interval O=s=l/. Further, 
since »(22, y2) vanishes along the boundary of R; in the neighborhood of 
z2 = 0 the function Y (s) has derivatives up to, at least, the wth order in the 
interval 0 = s S/ and derivatives of all orders in the sub-intervals just re- 
ferred to. We can now readily see that the boundary of the region R; and the 
function v (x2, yz) satisfy the hypothesis of a theorem due to Kellogg.t First, 
by the law of the mean we have immediately 
As | As 
where N is greater than the upper bounds of x*?(s), y“*”(s) in any of 
the sub-intervals mentioned above and As is less than the length, /,, of the 
smallest of these sub-intervals. Thus, condition A“ of the theorem referred 
to is satisfied. Secondly, we have again by the law of the mean 
(s+t) 
| t 

where M is greater than the upper bound of ¥“*» (s) in any of the mentioned 
sub-intervals of the interval 0 = s = / and where |t| <1,. Whence 

f at < a <e 


*In particular we may take as the boundary of R} the transform, under the transforma- 
tion z; = f(z2), of the closed curve formed by taking a rectangle lying within R; and having 
one of its sides coinciding with a portion of the rectilinear part of the boundary of R; in the 
neighborhood of the origin and then rounding off the corners of the rectangle by arcs each of 
which is gotten by rigidly displacing the are x + y* = a, where a is a sufficiently small 
positive number, n = any positive integer > » and 0 < z < ‘Na, 0<y< Na, until it is tan- 
gent to the corresponding pair of adjacent sides of the rectangle. The possibility of using 
this simple curve in this connection was suggested by Dr. G. M. Green. 

{See these Transactions, vol. 13 (1912), p. 109. 
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for |r| < 6 and 1,, where 6 = €/4M. Hence, condition B“™? is satisfied and 
by this theorem we have thus that all the derivatives of v (a2, y2) up to the 
uth order approach definite limits as the point (22, y2) approaches the origin 
from within the angle. Further, using the fact that o(22,0) = 0 for0 S 22 
= h ( = some positive number) we have by the same theorem 

lim = 


0+ Ox 2 
Yo=0+ 


Hence, f’ (z2), f’’ (22), «++, (ze) approach definite real limits as ap- 
proaches the origin from within the region Rj. 

Further, by a proof by Kellogg* the limits of 0v/dx2, dv/dy2 at the origin 
do not vanish simultaneously. Therefore lim.,-» f’ + 0. 

The function z3 = A123 + + + A, 2! = (23), where the A; 
are real, maps the neighborhood of z3 = 0 on the neighborhood of -z3 = 
conformally with real axis going into real axis. The coefficients A; can be so 
taken that the first derivative of the function g [f (22) ] approaches unity as 22 
approaches the origin, while the higher derivatives up to the order w approach 
zero as 22 = 0 from within the angle. In fact, we have 


(m), u =f (2), 


” 


d” d 


Since lim.,- f’ (z2) + 0 we can take 
1 
41 = jim (22) 
and the other A; so that 


lim g =0, lim g™ (z2) = 0. 


The transformation 7; defined by the equation 
zs = g[f(22)] = (2) 


maps the interior of the curvilinear straight angle in the z2-plane (in the 
neighborhood of the vertex) on the interior of a region bounded in part by the 
real axis in the neighborhood of the origin in the z,-plane. Further, the sides 


* Kellogg, p. p. 122, loc. cit. 
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of the angle in the neighborhood of the vertex go into the real axis of the 
z,-plane in the neighborhood of the origin and the transformation is conformal 
on the sides of the angle in the vicinity of the vertex, except at the vertex, 
where it is continuous. Also, the first derivative of ¢ (22) approaches unity 
as z. = 0 and the higher derivatives up to that of the uth order approach 
zero as 22 = 0. Then by a theorem due to Ford* we have 
(22) = 22 + (22) 2277, where lim r.-1(z2) = 0. 
The transformation 7, defined by 

where that branch is taken which is real for z real, maps the straight angle 
with vertex at 2, = 0 and interior in the upper half z;-plane on the rectilinear 
angle in the w-plane of magnitude a and with the positive real axis as its 
initial side. The mapping is conformal in the interior and on the sides of 
the angle except at the vertex where it is continuous. 

The transformation which is the product of the transformations 7,, 72, 
T;, and 7, maps the given curvilinear angle upon the rectilinear angle of the 
same magnitude, the mapping being conformal in the interior and on the sides 
of the angle in the neighborhood of the vertex, except at the vertex where it 
is continuous. Now 


where lim = 0. 


Let m be the greatest integer not greater than (uw — 2)2z/a + 1; then since 
uw is the greatest integer less than a(n — 1)/47 + 1 we have n — 1 — 2r/a 
<m <n — m/e and we can write 


w= 27, where lim = 0. 
Since = + e227 + +e, 2", 
W= C13 + + +++ + [Om + pm(2)] 2”, where lim pm(z) = 0. 


We have thus proved the following 

THEOREM. Given any formal transformation of a curvilinear angle into a 
rectilinear angle and any positive integer m. Then there exists a function F (2) 
(in fact, an infinitude of such functions) such that the transformation defined by 
the equation w = F(z) maps the given curvilinear angle (in the vicinity of the 

*See Bulletin de la société mathématique de France, vol. 39 
(1911), p. 347. 
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vertex) in a one-to-one and continuous manner and, except at the vertex, confor- 
mally on the rectilinear angle and the function F (2) is represented asymptctically 
to the order m by the sum of the first m terms of the series which defines the given 
formal transformation. 

We have the obvious 

Corotuary. The kth, k = 1,2, +--+, m, derivative of F(z) approaches the 
limiting value k!c, as z approaches the vertex of the angle from within, where cx 
is the coefficient of the kth term of the series defining the given formal transformation. 


HARVARD UNIVERSITY, 
August, 1916. 


DYNAMICAL SYSTEMS WITH TWO DEGREES OF FREEDOM" 
BY 


GEORGE D. BIRKHOFF 


1. Introduction. Dynamical systems with two degrees of freedom consti- 
tute the simplest type of non-integrable dynamical problems and possess a 
very high degree of mathematical interest. Considerable light has been 
thrown upon the nature of such systems by the researches of Hill, Poincaré, 
Hadamard, Levi-Civita, and others. The principal advances which I have 
been able to make are here assembled into a general treatment of dynamical 
problems of this kind. 

Part I deals with the formal properties of the equations of motion. These 
equations are taken in the variational form due to Lagrange, with the principal 
function quadratic in the velocities. Six arbitrary functions of two variables 
are involved in this function. By means of a suitable change of variables a 
normal form of the equations is derived which contains only two arbitrary 
functions. This form is well known in the reversible case, i. e., the case when 
linear terms in the velocities are lacking in the principal function, but appears 
to be new in the general irreversible case despite its extreme simplicity. With 
its aid I obtain a new integrable type of the equations of motion, and derive 
an elegant form of the equations of displacement. 

It is known that in the reversible case the equations of motion can always 
be interpreted as those of a particle constrained to move on a fixed smooth 
surface. In order to obtain a clear insight into the nature of the irreversible 
case I have regarded it as important to obtain a simple dynamical interpreta- 
tion. It is proved that the motions may be looked upon as the orbits of a 
particle constrained to move on a smooth surface which rotates about a fixed 
axis with uniform angular velocity and which carries with it a conservative 
field of force. 

It is thus legitimate in all cases to interpret the motion as the orbit of a 
particle, and this is done throughout the paper. 

In Part II attention is turned to methods by which the existence of peri- 
odic orbits may be directly inferred. 

The existence of such orbits in the reversible case, when the orbits are 


* Presented to the Society, December 27, 1915 and September 4, 1916. 
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interpretable as geodesics on a surface, is intuitively manifest. Under proper 
conditions a closed geodesic will exist along which the arc length is a minimum, 
and this geodesic will correspond to a periodic orbit. In connection with 
the rigorous development of this minimum method may be cited important 
papers by Hadamard* and Hilbert.t 

A further suggestive criterion for periodic orbits in the reversible case has 
been given by Whittaker.t More recently this work has been placed upon a 
rigorous basis and extended to multiply connected regions by Signorini.§ 

When we employ the geodesic interpretation, Whittaker’s criterion may be 
formulated as follows: If the two boundaries of a ring on the surface have 
everywhere positive geodesic curvature toward the inner normal, there will 
exist a closed geodesic which makes a single circuit of the ring. 

It is intuitively manifest that the curve of minimum length around the 
ring furnishes such a geodesic. 

My treatment of the periodic orbits begins with the reversible case in 
which I make an immediate extension of the results of Hadamard, Whittaker, 
and Signorini. 

The irreversible case is of an entirely different nature. The integrand of 
the integral replacing are length is no longer of one sign. Notwithstanding 
this salient difference, Whittaker has given the direct formal extension of his 
criterion to a particular irreversible problem (the restricted problem of three 
bodies) without the least modification of his earlier discussion. || 

By a somewhat elaborate argument I have been able to show that an ex- 
tension of this sort is legitimate provided a further inequality (holding in the 
restricted problem of three bodies) obtains. An example is constructed to 
establish the necessity for such an inequality. 

The inherent limitation of the minimum method is that it can only yield 
the completely unstable periodic orbits. 

The minimax methéd of Part II, which is applied only to the reversible 
case, yields a large and entirely different class of periodic orbits. This new 
method may be formulated in a special case as follows: There is a minimum 
length of closed string, constrained to lie in a given closed surface of genus 0, 


*Journal de mathématiques, ser. 5, vol. 4 (1898), pp. 27-73. 

tJahresbericht der Deutschen Mathematiker-Vereinigung, 
vol. 8 (1900), pp. 184-188. 

t See his Analytical Dynamics (Cambridge, England, 1904), pp. 376-378. 

§Rendiconti del Circolo Matematico di Palermo, vol. 33 (1912), 
pp. 187-193. In this connection reference should also be made to a paper by Tonelli in the 
same journal, vol. 32 (1911), pp. 297-337. 

|| Monthly Notices of the Royal Astronomical Society, vol. 62 
(1901-1902), pp. 346-352. 

{ See Poincaré, Les méthodes nouvelles de la mécanique céleste, vol. 3 (Paris, 1899), pp. 283- 
293. 
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which may be slipped over that surface; in some intermediate position the 
string will be taut and will then coincide with a closed geodesic.* 

The third method, applicable to all types of periodic orbits, is the method 
of analytic continuation of Hill and Poincaré. Application of this simple 
method has been so far limited by the restriction that the variation of the 
parameter involved be “ sufficiently small.” This restriction is necessary 
on account of the possibility that the period of an orbit under consideration 
may become infinite. I have succeeded in showing that this possibility does 
not arise in certain classes of reversible and irreversible problems. 

A vital application of the periodic orbits lies in the construction of surfaces 
of section, considered in Part III. The dynamical problem is thereby reduced 
to a transformation 7 of the surface of section into itself. A reduction of 
this kind was effected by Poincaré{ in the restricted problem of three bodies, 
where he found a ring-shaped surface’ of section. The results of Part III 
establish the existence of such surfaces in a wide range of cases, and of varying 
genus and number of boundaries. 

On account of the fact that the transformation of the surface of section 
possesses an invariant area integral, this transformation involves only one 
arbitrary function of two variables. If it be recalled that the normal form 
of the equations of motion involved two such functions, the analytic importance 
of the reduction becomes clear. A fundamental and unanswered question is 
whether the transformations derived from dynamical problems are the most 
general ones which have an invariant area integral. 

The essential properties of an orbit are mirrored in corresponding properties 
of the transformation 7. Thus invariant points of the transformation and 
its iterations correspond to periodic orbits. 

Part IV contains two theorems on the invariant points of such transforma- 
tions. The first of these yields the result that the difference between the 
number of unstable orbits and stable orbits is a constant depending only on 
the general nature of the transformation. For the case of genus 0 this theorem 
stands in close relation to a well known theorem of Brouwer.t The second 
theorem is based on a modification of Poincaré’s last geometric theorem.§ 
Poincaré showed that for the case of a ring-shaped surface of section the 
truth of his theorem implied the existence of infinitely many periodic orbits. 
It is not difficult to use his theorem to establish the same fact for the general 

* The existence of a closed geodesic on a convex surface was proved by Poincaré, these 
Transactions, vol. 6 (1905), pp. 237-274, by entirely different means. 

t See his Les méthodes nouvelles de la mécanique céleste, vol. 3, chap. 33. 

tMathematische Annalen, vol. 69 (1910), pp. 176-180. 

§Rendiconti del Circolo Matematico di Palermo, vol. 33 (1912), 


pp. 375-407. For a proof of his theorem see these Transactions, vol. 14 (1913), 
pp. 14-22. 
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case of genus 0. The modified theorem leads to the conclusion that the 
same is true when the surface of section is not of genus 0. 

In a later paper I expect to make a general study of transformations of 
surfaces into themselves, such as are afforded by the transformations 7, 
and I reserve for that paper the consideration of non-periodic orbits. 


Part I. THE EQUATIONS OF MOTION 


2. Reduction to a normal form. Let ¢ denote the time, let the variables 
x and y denote the two coérdinates of the dynamical system under considera- 
tion, and let 2’, y’ denote their respective time derivatives. 

The equations of motion will be taken in the Lagrangian form 


d d 


(1) Fly —-L,=0, 


where L is a given quadratic function of x’, y’, namely 
(2) L =} + 2be’ y’ + + ax’ + By’ + 7, 


and where L,, Ly, Lz’, Ly’, represent the partial derivatives of LZ in the 
respective variables x, y, x’, y’. The two equations are of the second order, 
so that their general solution depends on four arbitrary constants. 

It will be assumed that a, b,c, a, 8, y are real analytic functions of x and y, 
and that the inequalities 
(3) a>o, ac >0 


are satisfied. These restrictions are met in the important cases. We shall 
call any particular surface, the square of whose element of arc is 


ds? = + 2bdxdy + cdy’, 


the characteristic surface. As t varies the point (a, y) describes an orbit on 
this surface or in the zy-plane. 
The equations (1) admit the familiar integral 


a’ Ly +y Ly =L+k.* 


We shall restrict attention to the solutions of (1) for which the constant k 
has a given value. Thus the totality of orbits under consideration will depend 
on only three arbitrary constants. Since the equations of motion are not 
altered if L is increased by a constant it will be no limitation to choose the 
constant equal to zero. When this is done the explicit form of the integral 
becomes 


(4) fax” + y’ + cy") 


*See Whittaker, Analytical Dynamics, p. 61. 
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We are therefore restricting attention to those orbits for which the velocity 
on the characteristic surface is V2y. These lie wholly in the regions y = 0, 
bounded by the ovals of zero velocity y = 0. 

A well known equivalent form for (1) is 6J = 0 where we write 


(5) y= flat, 


and where 6 is the customary variation symbol for the case of fixed end-points.* 
In fact, the equations (1) are precisely the Euler equations obtained when 6J 
is equated to zero. 

If one makes use of (4) the integral (5) may be given the form 


(6) J* = lax” + 2b2’y’ + ax’ + By’) dt. 


Consequently the variation 6J* will vanish for. variations of x and y subject 
to (4), provided only that the initial values of x and y satisfy (1). Moreover 
we have identically 


(7) J—J*m} f (ylax’ + + cy’ 
t 


0 


2 


dt, 


so that along any initial curve for which (4) holds we have 6J ~ 6J* = 0. 
It follows that 6J* must vanish for unrestricted variation of x and y if the 
initial curve in the xy-plane is an orbit in the dynamical problems (1), (4). 

The integrafid of J* is positively homogeneous of dimension unity in 2’, y’. 
Consequently the value of J* is independent of the parameter ¢ used along the 
path of integration in the ry-plane, and the equation (4) can be regarded 
as merely determining the parameter along the path. 

If we have 6J* = 0 along a curve, and if the parameter ¢ is so chosen that 
(4) holds, we have 6J = 6J* = 0 along the curve. 

Accordingiy, if 6.J* vanishes along a curve, and ¢ is properly chosen, that 
curve will be an orbit in the dynamical problem (1), (4). 

The equation 6.J* = 0 constitutes the principle of least action for our problem, 
and is familiar in the case a = 6 = 0. By means of this principle the vari- 
ables x, y, t may be transformed with facility. 

In fact the condition 6J* = 0 is invariant in form under a transformation 
of dependent variables from x, y to, 7. Thus along the transformed orbit 
the same variational condition will be satisfied, save that L is replaced by its 
expression in terms of the new variables, while ¢ has the same meaning as 
before. Consequently, in order to transform these variables, it is sufficient to 
effect the transformation of ZL directly. The corresponding transformed 


*In this connection see Bolza, Vorlesungen tiber Variationsrechnung (Leipzig, 1909), pp. 


= 
45-53. ‘ 
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equations (1), (4) are then obtained by the use of this new form for L. The 
same fact may be deduced from the condition 6J = 0. 

We may also determine the modification which (1), (4) undergoes as a result 
of a transformation dt = y(2, y) dt of the independent variable. We note 
that the integral J* may equally well be written 


| 
(8) af | + +2 + an! + By’ | at 


This modified integral is of the same form as before but evidently corresponds 
to a value L in which a, b,c, a, 8, y have been modified to a/y, b/u, c/p, 
a, 8,puy respectively. The variables 2, y are unaltered and of course we have 
5J* = 0 along the same orbits as before. But a comparison of the original 
and modified equations (4) shows that the relation dt = pdt obtains between 
the new and old parameters along the orbit. By this transformation of t 
then, the equations (1), (4) go over into other equations of the same type 
with a principal function L equal to yu times its given value. 

The differential form Ldt is invariant under transformations of either type. 
We conclude therefore: 

By a transformation of variables of the form 


(9) y=W(#,9), dt=p(z,9)dt, 


the equations (1), (4) go over into similar equations in which the corresponding 
L is obtained from the formula Ldt = Lat. ; 

If ds is the element of arc on the characteristic surface, the part of Ldt 
quadratic in x’, y’ may be written ds*/dt. Under a transformation (9) this is 
evidently carried over into the corresponding part ds*/dt of Lat. By choosing 
£, 7 to be the codrdinates of an isothermal net on the characteristic surface 
the squared element of arc takes the form yu (dz + dg’). Hence if we take 
dt = ydt, with u the same as in the element of arc, the new quadratic terms 
have the simple form }(#” + 9”). 

We are thus led to the following conclusion: 

For given Lagrangian equations (1) joined with the integral condition (4), 
there exists a transformation (9) of the variables x, y, t such that the function L 
for the transformed equations may be written 


(10) + + ax’ + By 

The new equations and integral condition are then 

(1’) a’ + hy = — dt = (A= ay — By) 
(4’) b(2"+y") 
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The advantage of the normal form (1’), (4’) is that it involves only two arbi- 
trary functions of x and y, namely ) and y, whereas the original form involved 
six such functions. 

According to the terminology used in the introduction, we shall term a 
dynamical problem in which \ vanishes identically a reversible problem. This 
is the case when (1’), (4’) are not altered if ¢ be replaced by — t; here the orbits 
may be described in either sense. When d does not vanish identically we will 
term the problem irreversible. 

In the reversible case the linear terms of L in x’, y’ may be taken as lacking. 
The equations (1’), (4’) become those of a particle of unit mass and rectangular 
coérdinates x, y, which moves in a conservative field of force derived from a 
potential function — y. This normal form is well known in the reversible 
case,* but I have not found anywhere the simple extension given above to 
the general case.{ 

3. Transformation of the normal form. The transformations (9) of z, y, ¢ 
used in § 2 form a group, and the reduction to the normal form there given 
is not unique. In this way the question arises: Under what subgroup does 
the normal form remain invariant? The answer is contained in the following 
statement: 

A transformation of variables 


(11) atiy=f(tiig), lf’ de, 


where f(z) is analytic in z, and f’(z) denotes the derivative of f(z), leaves 
(1’), (4’) unaltered in form, with X, y replaced by + d|f'|?, y|f’ |? respectively.t 

We will proceed to establish this statement by an indirect method. 

It was observed in § 2 that the most general variables x, y for the normal 
form (1’), (4’) corresponded to any isothermal net on the characteristic surface. 
Hence the possible transformations from x, y to , 7 which preserve the 
normal form are the conformal and anti-conformal transformations specified 
in the italicized statement. The corresponding transformation of t (see § 2) 
is then that stated, inasmuch as we have dx? + dy? = |f’|? (dz + dg*). 

The general principle of transformation enunciated in § 2 shows at once 
that we have 


a=at;+hy,, B=ar,+by,, Y=\f"lr. 


Thus ¥ has the stated value. 


* See, for example, Darboux, Legons sur la théorie générale des surfaces, vol. 2, second edition 
(Paris, 1915), pp. 452-495. 
tI have employed these equations incidentally; se Rendiconti del Circolo 
Matematico di Palermo, vol. 39 (1915), pp. 271-273. 
} A direct proof was given by me. See reference above. 
Trans, Am. Muth, Soc, 14 
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The function \ is of course a, — Bz by definition. To obtain the explicit 
form of \ we resort to a device. By Green’s theorem we have 


ff [Cay Be) 
Jf Boazay 


where S and S denote any two corresponding continua in the xy- and the 
Zj-planes respectively, and where B and B denote the complete boundaries 
of S and S taken in the positive sense. 

But we see at once from the explicit formulas for a onl 8 that we have 


(ade + Bay), 


- [ (ade + Bag), 


J (ade + Bay) = | (aide + Bag). 


Thus for any continua S and S the equality 


ff (a — Bz) dxdy f(a, — B,) 
holds. 


If now we express x, y in the first double integral in terms of #, 7, there is 


obtained 


for an arbitrary continuum 8. Hence d is equal to + |f’ |? where the + or — 
sign is to be taken according as the transformation from 2, y to £, 9 preserves 
or reverses sense. 

The italicized statement yields nothing new in the reversible case.* 

4. A new integrable case. In the reversible case it is known that when, 
after a proper preliminary transformation of variables, the function y in the 
equation (1’) reduces to the sum of a function of x and a function of y, the 
equations of motion will be integrable. In fact x’ and y’ are integrating 
factors of the first and second equations (1’) under these circumstances. A 
famous problem of this sort is that afforded by a particle which moves in a 
plane attracted by two fixed particles in that plane according to the new- 
tonian law. 

The above case is essentially the most general reversible case in which 
there exists a quadratic integral. 

I propose to make application of the results of §§ 2, 3 to discuss a new 


* See Darboux, loc. cit., or Kasner, Differential-geometric Aspects of Dynamics, Princeton 
Colloquium Lectures (New York, 1913), in particular pp. 81-87. 
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integrable case. This case is the most general irreversible case in which there 
exists an integral linear in 2’, y’, 


lx’ + my’ + n = const., 


which holds for all solutions of (1), (4). 

Such an integral maintains its form under the most general transformation 
(9). Hence we may assume that the equations of motion are taken in the 
normal form (1’), (4’). 

If the linear integral be differentiated as to t, the equation which results 
must be an identity in virtue of (1’), (4’). The equations (1’) may be em- 
ployed to eliminate x”, y’’. When this has been done an equation quadratic 
in x’, y’ is obtained which must be an identity in virtue of (4’) alone. These 
quadratic terms are 

1, a” + (ly + mz)2’ +m,y”. 


In order that these terms shall combine with those of lower degree in 2’, y’ 
by the use of (4’), they must be of the form p(2” + y”). This implies 
l, = my, ly = — mz, i.e., that 1 = uy, m = uz, where wu is a harmonic func- 
tion. The integral can now be written 


Uy, x’ + uzy’ +n = const. 


According to the principles of § 3, a further arbitrary conformal trans- 
formation of the xy-plane, joined with the appropriate change of the vari- 
able ¢t, will leave (1’), (4’) in the normal form. In order to simplify further 
the linear integral we shall choose such a transformation of x and y in a par- 
ticular way, namely 


(12) = dx + 


Uy + 
Since the function u, + zu; is an analytic function of x + iy, the integral on 


the right will also be analytic in x + iy. Hence the inverse transformation 
x +iy =f ig) is also conformal, and we have 


so that the transformed value of ¢ is defined by 
dt = (u? + u2) dt. 
From this last equation we find at once 
+ ig’ = (uy — + ty’), 
where = dz/dt, 9’ = dgj/dt. Thus we have in particular 
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Consequently when such a further transformation of the zy-plane has been 
effected, the above integral is simplified to 


x’ + n = const. 


Now let this integral be differentiated as to ¢ and let x” be eliminated by 
means of the first equation (1’). There results 


nzx’+(ny—A)y’ +72 = 09, 


which must vanish identically in virtue of (4’). Therefore we conclude that 
the left-hand member vanishes identically in 2’, y’. But this will happen 
if and only if \ and y are functions of y alone, in which event a choice of n 
can be made so that the equation does obtain identically. We are led in this 
way to state the following result: 

If a dynamical system (1), (4) admits of an integral linear in x’, y’, it 18 
possible by a suitable transformation 


x= y=V¥(%,9), 


to throw these equations into the normal form (1'), (4’) in such wise that \ and y © 
become functions of y alone, and the linear integral takes the form 


(13) + frdy =a. 


These equations of motion may be explicitly integrated: 


z -{ : 


In fact, we have for n the value {Ady so that x’ may be expressed as c; — f Ady 
by means of the linear integral. Also y’ may be similarly expressed by the aid 
of (4’). This last relation, by a further integration, yields the value for ¢ in 
terms of y as given in the second equation (14). By substitution of the value 
of dt in the linear integral and an integration, we get the first equation. 

It has been assumed that the transformation has been effected which re- 
duces the equations of motion to a normal form in which \ and ¥ are functions 
of y only. A method of doing this is afforded by the following criterion, at 
least if the original equations are in normal form: 

If the equations of a dynamical system (1’), (4'), are of this integrable type, 
the curves \/y = const. form one family of an isothermal net in the xy-plane. 


(14) 
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When this net is transformed into the net x = const., y = const. by a conformal 
transformation of the xy-plane such that the curves \/y = const. go over into 
the curves y = const., then d/y becomes a function of y alone. If, further, \ and y 
are each functions of y alone the resultant equations can be integrated as above, 
and not otherwise. 

To see the truth of these statements, it is necessary to observe that the 
ratio \/y is unaltered by a conformal transformation of the zy-plane. Indeed 
the result of such a transformation has been seen in § 3 to multiply \ and vy 
by the same factor. But in the final form of the equations of motion \/y 
is a function of y alone. Since the final form was obtained from the given 
form by a conformal transformation it follows that the curves \/y = const. 
form one family of an isothermal net in the original plane, at least if the given 
equations (1’), (4’) possess a linear integral. 

Moreover the curves \/y = const. can only form a family of one such iso- 
thermal net. If then we make the conformal transformation which takes this 
net into the net x = const., y = const. as stated, it is clear that \/y becomes a 
function of y alone, and that \ and y must now become separately functions 
of y alone if the equations are to belong to this integrable type.* 

We now propose to assume that the given equations are in the general form 
(1), (4), and we are led to the following result: 

If the equations of a dynamical system (1), (4) are of this integrable type, the 
curves 
(15) ay — Bz 


_ = const. 
Vac — 


form one family of an isothermal net on the characteristic surface. When this 
net is chosen as the net x = const., y = const., so that the family first specified 
goes over into y = const., the equations of motion take the normal form (1'), (4’) 
and \/v becomes a function of y alone. If, in addition, \ and y are each func- 
tions of y alone, the resulting equations can be integrated as above, and not otherwise. 

Let us make the corresponding transformation (9) of the variables in the 
given equations, which takes them into the directly integrable normal form. 
The curves = const., 7 = const. will then form an isothermal net on the 
characteristic surface. If we let # stand for the jacobian of the transforma- 
tion from 2, y to @, 7, the principle of transformation of variables given in § 2 
shows that we have 


X= SH, = py = FvVac — 


The first relation may be derived precisely as the analogous formula \ = |f’|?d 
(which is indeed a special case) was derived in $3. To establish the second 


* This method will not apply if \/7 reduces identically to a constant. 
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we note that the transformation of x and y alone reduces the quadratic terms 
of L to the form ; 


— +9"), 


so that we must take » = ¢Vac — b? in the subsequent transformation 
dt = udt of t. 

Thus the family of curves specified in the statement goes over into the fam- 
ily \/7 = const. and so coincides with the isothermal family g = const., 
since in the directly integrable case \/y is a function of y alone. The first 
part of the statement is therefore proved. The second part is obvious. 

The above integrable class of equations can be obtained from an entirely 
different point of view, namely as the most general class of equations (1), 
(4) which admit of a continuous group of transformations (9) into themselves. 

5. The equations of displacement. As a second illustration of the methods 
introduced in §$ 2, 3, we proceed to derive the equations of displacement 
for a system (1), (4). As far as I am aware these equations have not hitherto 
been obtained in the abbreviated normal form which I give.* 

By a properly chosen transformation of the variables x , y we may make the 
equation of the given orbit on the characteristic surface become n = 0 in 
the new variables s and n, and in such a way that s measures arc lengths along 
the orbit. The meaning of this transformation when interpreted on the 
characteristic surface is that the orbit is taken as a base curve of one family 
of an isothermal net while the orthogonal family has for its parameter the 
arc length to its point of intersection with the orbit. Hence, on account of 
the known properties of such an isothermal net, the variable n will measure 
normal displacements away from the orbits (at least if these are small) just 
as $s measures displacement along the orbit. 

We shall let ¢ denote the time corresponding to the variables s, n instead 
of tox,y. If, however, the equations are given in the normal form (1’), (4’), 
we can pass by a conformal transformation from x, y tos, n. In this case 
we will have |f’| = 1 along the orbit (see § 3) so that the two times agree along 
the orbit. 

In the new variables s, n the equations of motion are in the normal form 
(1’), (4’) and have the particular solution s = s9(t),n = 0. 

Let us denote the particular values of \ and y in these equations (1’), (4’) 
by \ and ¥ respectively. If we substitute the particular solution furnished 
by the orbit in the equations we get the relations 


8) = ¥s(0,0), = Yn(80,0), = 8,0). 
~ * See Poincaré, Les méthodes nouvelles de la mécanique céleste, vol. 3, pp. 280-283, and also 
my paper, Rendiconti del Circolo Matematico di Palermo, vol. 39 
(1915), pp. 273-275. 
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If now we consider a slightly modified solution s = 8s) + eds, n = edn, 
and allow ¢ to approach zero, 6s and 6n will approach a solution of the equa- 
tions of displacement = 

+ dn’ = Yes 58 + Yen 5n, 
— dds’ — V27 [Ag 58 + An dn] = Yen 58 + Ynn Sn, 
= 5s + Yn dn, 
which are deduced from (1’), (4’) by the usual method of variation. Here 
use has been made of the last relation noted to eliminate 84. 

The first of these three equations in 6s, 6n can be derived from the last by 
differentiation as to t and subsequent division by ¥2y. Such an interrelation 
is to be looked for since the equation (4’) is not independent of the two equa- 
tions (1’) but is derivable from them by an integration. 

Moreover, by use of the last of the three displacement equations, we may 
eliminate 6s’ from the second equation. The quantity 6s will disappear at 
the same time. In this way we are led to the following conclusion: 

If s and n denote displacement along and normal to a given orbit on the char- 
acteristic surface, the differential equations of displacement may be written 


(16) bn” + lin = 0, 6s =r bn, 


where 

(17) I = — — Ynn- 

Here \ and ¥ denote the value of d and y respectively in the equations (1’), (4’), 
with the isothermal variables s, n so chosen that s represents are length along 
the orbit n = 0. 

The first of these two equations is a linear differential equation of the 
second order in n alone, and is the equation of normal displacement. It plays 
an important réle in the sequel. The quantity J may be explicitly computed 
in terms of the original variables z , y, and the corresponding functions a, b,c, 
a,B,Y- 

6. Two equivalents of the normal form. Let us introduce the auxiliary 


variable 
, 


(18) = are tan®,, 
so that ¢ indicates the angle which the direction of motion in the zy-plane 
makes with the z-axis. We have then at once the three equations 
2’ = cos X(z,y,¢), 
= Wy sing = Y(z,y,¢), 
— sin + cos 


(19) 


=A+ = 
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The first pair of equations result from the equation (4’) and the fact that @ 
has the stated significance. The last equation may be deduced by forming ¢’ 
and eliminating z, y, x’, y’ by means of the equations (1’) and the first two 
equations (19). The system of equations (19) is of the third order and 
equivalent to (1’), (4’). 

If we eliminate the variable ¢, the equations (19) reduce to the second 
order and become 


Thus we are led to a hydrodynamical interpretation of the totality of orbits 
under consideration. Equations (19) are evidently the equations of a fluid 
in steady motion. If x, y, @ be thought of as the rectangular codrdinates 
of a point, this fluid is incompressible in virtue of the identity 


X.+ Yy+, =0. 


That is, the triple integral {f/f dxrdyd@ is invariable when taken over any 
given part of the fluid. 

This first equivalent form of the equations depends upon the variable ¢. 
A second such form, which gives in a single equation the characteristic geo- 
metrical property of the orbits taken in the zy-plane, is obtained by con- 
sidering the curvature K = d¢/ds in that plane. This intrinsic equation 


_ sin d + Yy cos 
V2y 27 


(20) K 


results at once from the equations (19). Conversely, we may pass back 
from (20) to (19) by introducing the variable 


f dx f dy 
v2y cos sin 

Both (19) and (20) play an important part later.* 

7. A dynamical interpretation. We propose now to obtain a dynamical 
interpretation of simple character for the equations of motion. As was 
observed in the introduction, such an interpretation by means of geodesics 
is known in the reversible case.t In fact, in this case the integral J* is pre- 
cisely the are length on a certain surface, so that the variation of J* is zero 
along the geodesics. 

In this interpretation the integral J* has been made use of instead of the 
integral J. Thus the totality of orbits which are simultaneously interpreted 
as geodesics is the totality given by (1), (4), and not the totality of solutions 


* Compare with §§ 1, 2 of my paper in the Rendiconti above cited. 
t See Whittaker, Analytical Dynamics, pp. 249-250. 


/ 
dx dy 
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of the dynamical problem afforded by (1). However, the following result is 
apparent also: 

In the case of a reversible dynamical problem (1) the variables x, y may be 
regarded as the codrdinates of a mass particle which is constrained to move on 
the characteristic surface in a field of force of potential — +. 

For let u, v, w denote the rectangular coérdinates of the particle. The 
components of normal force which operate to hold the particle in the surface 
are pl, pm, pn, in the directions of the respective axes, where 1, m, n are the 
direction cosines of the normal, and where p is a suitable multiplier. The 
components of force due to the field of force are yu, Yo, Yw. Hence the 
equations of motion in this problem are 


u’ — pl—-y, = 0, v’ — pm — 0, w’ — pn — Vw = 0. 


The multiplier p is determined by the fact that the particle is to lie in the 
surface. 

Now let 6u, 6v, dw be functions of ¢ which are arbitrary save that at every 
instant they are proportional to a possible displacement of the particle in 
the surface; the particle is assumed to be moving along an orbit of course. 
This imposes precisely the condition 


liu + mév + néw = 0. 


Multiply the three above equations of motion by éu, 6v, dw, add, and inte- 
grate. We find 


ty 
f — yy) bu + — yr) bv + (w” — dw) dt = 0. 


But the integral on the left is precisely the variation of the integral 


(ul? + w”) + 
to 
which is the same as — J, since du? + dv? + dw” is the square of the element 
of are on the characteristic surface and since a and 8 are zero. Also any 
variation of uw, v, w, in the surface is admitted. Thus the orbits are given 
by the condition 6J = 0, which proves our statement. 

We have included this obvious discussion by standard Lagrangian methods 
because it facilitates the derivation of our result for the irreversible case: 

In the case of an irreversible dynamical problem (1), (4), the variables x, y 
may be regarded as the coérdinates of a mass particle moving on a surface, while 
that surface rotates at a uniform rate about a fixed axis and carries with it a 
fixed conservative field of force. 

We begin by deriving the equations of motion for a problem of this type. 
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Let £, », ¢ denote the rectangular coérdinates of the particle on the surface 
when referred to axes fixed in space, with the {-axis chosen as the axis of 
rotation. Also, let u,v, w denote the codrdinates of the same particle referred 
to axes fixed in the body and coincident with the &, 7, ¢ axes at? =0. If 
the angular velocity of rotation is taken to be unity, we have the following 
obvious relations: 


—vsint, n= usint+vcost, f=w. 


The components of the force due to the conservative field at ¢ = 0 in the 
direction of the £, 7, ¢ axes are S,, S,, S» where S(u,v, w) is the negative 
of the potential of the field of force moving with the surface. 

The components of normal force which operate to hold the particle in the 
surface are pl, pm, pn respectively where |, m, n are the direction cosines of 
the normal, and where p is a suitable multiplier. 

Finally, if we differentiate the above equations twice as to ¢t and put ¢t = 0, 
we find the £, 7, ¢ accelerations of the particle at t = 0 to be respectively 


— —u, + 2u’ w 


Thus we have at ¢ = 0, and similarly at any other time, 


u” — —u — pl =0, 


v’ + 2u’ —v — pm —S, = 0, 
w’ — pn — S, = 0. 
In these equations, only the relative codrdinates of the particle appear. The 
multiplier p is determined by the fact that the particle is to lie in the surface. 
Now let 6u, 6v, dw be defined precisely as in the reversible case. Multiply 
the three equations of motion by du, 6v, dw respectively, add, and integrate. 


We find 


— 2v' — u — S,) + + 2u’ — — S,) bv 
+ — S,) Sw] dt = 0. 


The integral on the left is the negative of the variation of the integral 
ty 
F= f [3 + + w”) + (ow — w’) + Si] dt, 
to 


where S; = S +4$(u?+ 0’). As before any variation of u,v, win the surface 
is admitted. 

By expressing u, v, w explicitly in terms of variables z and y taken as 
coérdinates of tne particle, it becomes clear that the integral F is of the same 
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form as J, so that a dynamical problem of this type is of the kind we have 
been considering.* What we wish to prove is that for a given problem fur- 
nished by an assigned set of equations (1), (4) there will be a corresponding 
value of F which leads to the same totality of orbits. 

Let us assume that we employ isothermal variables on the characteristic 
surface of this given problem (1). The integral J* may then be written 


Vu + y”) + ax’ + By’ 
which differs from 
+ y”)/p + (a + 2’ + (B+ 


only in the perfect differential under the integral sign. The orbits will 
not be altered by the introduction of a complete differential under the integral 
sign in J* since the variation is not thereby affected. Thus we conclude that, 
if the integrand L of J be given the form 


1 2 


which involves the two arbitrary functions p and @, the orbits are unaltered. 
The significance of the time has been changed. 
Hence if we can choose p, 0, u, v, w, S;, so that the identity 


+ 0% + + — we’) + Si 
1 2 2 
ty") + (at + (B+ 


holds, the integrand of F will become the same as that of the modified J , and 
the italicized statement will be established; the value of S is S; — 3 (u” + v”). 
Of course we write 


so that the conditions to be satisfied are six in number, 


2 2 2 2 2 2 
Uz + Ur + W, = Uy + Vy + Wy = ’ Uz Uy + Vz Vy + Wz Wy = O, 


— Uz =~ at Oz, Uy — uy = B+ Si = py, 


and involve six unknowns p, 0, u,v, w, Si. 
If the first two members of the continued equality of the first line are equal, 
* See Whittaker, Analytical Dynamics, pp. 39-41. 
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their common value yields n/p and so p. The last equation of the second 
line then determines S,. Furthermore the first two equations of the second 
line may be regarded as a pair of simultaneous differential equations for @, 
from which a value of @ unique up to an additive constant can be obtained if 
the two equations are compatible. We are thus led to the three simultaneous 
partial differential equations for u,v, w: 


2 2 2 2 2 2 
t+ = Uy Uz Uy + Vz Vy + Wz wy = O, 
2 (Uz Vy — Vz Uy) = ay — Bz =X. 


If these equations admit of solution, the six earlier equations can be satisfied 
by a proper choice of p, 6, and S,. 

Since it is always possible to choose a real set of values of uz, 02, Wz, Uy, 
vy, Wy (for any given value of \) which satisfies these equations, and is such 
that the jacobian of the left-hand members in uv,, vz, wz is not zero, it follows 
that a real analytic solution exists. 

It is worthy of note that the above interpretation involves only two arbi- 
trary functions of x and y, namely the functions which define the surface 
and the potential of the forces on that surface. 

A second interpretation of less interest from a dynamical point of view is 
immediately suggested by the normal form (1’). These equations are evi- 
dently those of a mass particle, electrically charged, which moves in a plane 
subject to an electric field derived from a potential proportional to y, and 
subject to a normal magnetic field of strength proportional to ). 


Part I]. DrrecT CRITERIA FOR PERIODIC ORBITS 


8. Concave boundaries in the reversible case. Consider any boundary 
of a continuum C on the characteristic surface in a reversible problem. Let 
P and Q be any pair of points of that boundary which form the extremities 
of some interior rectifiable arc PQ of length less than d (d small). If then the 
region limited by such an arc PQ and the unique short orbital are with the 
same two end-points never contains boundary points within it, the boundary 
will be termed concave.* 

If a boundary is made up of a finite number of arcs with continuous curva- 
ture, forming a simply closed curve, the condition for concavity is that the 
interior anglest at the vertices are less than 7, and that at every other point 
the curvature towards the interior is not less than that of the tangent orbit. 
Thus, if the orbits are straight lines in the plane, the boundary of any convex 
curvilinear polygon is concave with respect to the interior continuum. 


* Signcrini uses the designation boundary of Whittaker (contorno di Whittaker) for boundar- 
ies of a slightly more restricted type (loc. cit.). 
t That is, interior to C. 
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We shall not pause to give a proof of this statement which does not enter 
into our later reasoning. In a very important special case, however, we 
note that the statement holds, namely in the case when the ares are orbital 
arcs; for then the orbital are joining any two nearby points of a boundary 
are coincides with it, while the orbital arc joining two nearby points on oppo- 
site sides of a vertex is an interior arc. 

A second very important case of a new type is afforded by a boundary 
which is formed by any collection of complete orbits, and their limit points. 

Let us demonstrate that a boundary of this sort is concave. Suppose that 
P and Q are points on it forming the extremities of a short rectifiable arc lying 
within the continuum. If the region limited by this inner are and the unique 
short orbital are joining P to Q contained a boundary point R of C within it, 
orbits of the set used to define the boundary could be found which came as 
near to R as desired. Nearby orbits to R will necessarily cut the boundary 
of the small region formed by the two short arcs at least twice. By definition 
it cannot cut the inner arc at all. But two short orbital arcs can intersect 
at most once. Thus we arrive at a contradiction if we assume that the small 
continuum includes a boundary point within it. Consequently the boundary 
formed by the set of complete orbits is concave. 

Any concave boundary T of a continwum C can be approached by another 
concave boundary in C made up of a set of orbital arcs with interior angles not 
greater than 7. 

To establish this fundamental property of concave boundaries we imagine 
the given neighborhood mapped analytically upon a plane. This is merely 
done for convenience of statement, as will be seen. 

Let us now construct a network of squares which contains all of the points 
of the boundary I within it, and let us take the sides very small. Further, 
let us reject all of these squares save those which contain both an inner point 
of the continuum and a point of its boundary. The non-rejected squares 
will lie in the small neighborhood of !. There exists an inner point Po of C 
not within this small neighborhood. 

Now consider the open continuum C’ obtained by adding all inner points 
which may be reached from Pp» along a rectifiable path of which no point is 
on a side of these non-rejected squares. 

No boundary points of this new continuum C’ are boundary points of C 
also. For if such a common boundary point were within a square of the net- 
work, the square would be a non-rejected square, and thus the point could 
not be approached from Py). And if the boundary point lies on a side of a 
square but not at an end-point, neither square which abuts on this side is 
one of the rejected ones unless it contains no inner points of C. Hence if 
both contain an inner point we are led to the same difficulty as before. Where- 
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as if only one of the two squares contains an inner point, we must approach 
the common boundary point from P» through that non-rejected square, which 
is not possible. Finally if the common boundary point is at a vertex there 
are four abutting squares. Again we must approach the point through the 
non-rejected squares of these four which also contain inner points of C, and 
thus the same contradiction arises. 

Since there is no common boundary point of C and C’ we infer that the 
boundary I” of C’ is an inner broken line without double points, made up of 
the sides of the non-rejected squares. Moreover I” lies near to I and encloses 
between itself and T all of the non-rejected squares. 

We now reject further those squares which have no side in common with I’. 
The final set of non-rejected squares will have sides which appear in a certain 
circular order on I’. Let Ki, Ke, ---, Km be the vertices on I’, in circular 
order, at which two of these squares meet. Each arc K, Ke, Ke K3, ---, 
K,, K, of T is made up of at most three sides of a square. There must be such 
points K since there is more than one square. 

A vertex K; of this kind is an end-point of at least one side of a non-rejected 
square not forming part of I’. Beginning with this side let a point traverse 
the edges of the non-rejected square until a boundary point L, of T' is reached. 
There is at least one such point on a side of the square since there is at least 
one boundary point in the square, and since I does not lie wholly within 
the square. Obviously such a boundary point will be reached before the 
point returns to a point of I’ again. Thus with each vertex K; a point L, 
may be associated. The broken line from L; to K; is made up of less than 
four sides of a non-rejected square and lies between I and I’. 


Any are of the type LZ; K, Ky Lz forms an arc interior to C save for its 
two end-points which are boundary points of [. Moreover its length does 
not exceed eleven times a side of a square. 

Two successive ares L; K;, such as L; K, and Lz Ke, can have no point in 
common save possibly their end-points L. For, otherwise, part of L; K; Kz Lz 
having no point of [ on its boundary would enclose one or more non-rejected 
squares, and would divide [ into two parts without a common limit point, 
which is not possible. We conclude that the points 1,, Lz, ---, LZ, appear 
on C in the same angular order as the points Ki, Kz, ---, K, on C’. 


k.| 
A, IK, T 
Fia. 1. 
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Since T' is concave, the unique short orbital arc LZ; LZ, taken together with 
the broken line L; K; Kz L, encloses a region which contains no points of the 
boundary of C within it (Fig. 1). Consequently any are such as [J lies in 
C and it is not possible to pass from Py to the boundary of C without 
touching one of these orbital arcs. 

Evidently this set of ares or segments of them, will form a boundary I’ 
made up of orbital ares lying near the boundary [. This boundary I” will 
be a concave boundary of the desired type if the interior angles of I’ do not 
exceed 7. 

At a vertex of I’ interior to I the interior angle is seen at once to be less 
than 7 since it is formed by orbital arcs which do not terminate at the vertex. 

It remains only to prove that the interior angles at the vertices L; are not 
greater than 7; if an interior angle is equal to 7, the two abutting arcs may 
be united. 

But if this angle did exceed 7 we should be led to a contradiction. Let 
AB be an orbital are joining points A and B on opposite sides of such a hypo- 
thetical vertex. Then AB lies in the eaterior angle. If AB contains no 
boundary point on it, a second short are AB might be drawn in the interior 
angle at the vertex, and the two arcs AB would have no boundary point 
on them although enclosing a boundary point at the vertex; this is not 
possible. 

On the other hand if AB does contain a boundary point, there will be a 
first such point A’ from the side of A and similarly a first point B’ from the 
side of B. But in this event the orbital are A’B’ (which coincides with part of 
AB), and the curve A’ABB’ are both short ares, if AB be properly taken in 
the interior angle at the vertex. Moreover the latter arc is interior to C save 
at A’ and B’. Thus the boundary would not be concave since these two 
arcs include the vertex. 

9. The minimum method in the reversible case. We will say that an orbit 
is of minimum type if J = J* is not less along any nearby closed curve than 
along the orbit; if J is not less along any nearby closed curve on one side of 
the orbit, the orbit will be termed of wnilateral minimum type. Our first 
result concerning these orbits is restricted to the reversible case, when J is 
positive, and may be stated as follows: 


Given a continuum C on the characteristic surface of a reversible problem with 
y > 0 in C, and given a rectifiable closed curve A along which J < Jo, and 
which is not continuously deformable to a point on C under the restriction J < Jo. 
Then, if every boundary of C is either concave (see § 8) or is such that A cannot 
be continuously deformed to approach anywhere a point of that boundary under 
the restriction J < Jo, there will exist a periodic orbit on C into which A can be 
continuously deformed under the restriction J < Jo, which is either of minimum 
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type and wholly within C, or of unilateral minimum type and coincident with 
one of the boundaries.* 

Let us commence with the very simple and important case when there are no 
boundaries. 

Take n large and divide A into n arcs along each of which J has a small 
value Jo/n. Each of these arcs may be continuously varied into the short 
orbital are with the same extremities. The possibility of doing this depends 
essentially on the fact that A lies within C. If we allow a point P to move 
from one extremity of the arc to the other, the orbital arc from the initial 
point to P combined with the curve from P to the final point furnishes a 
curve which deforms continuously from the given arc to the orbital are with 
the same end-points, while J never increases.t By treating the n arcs in 
this way we deform the curve into a curve A’ formed by n orbital ares, also 
within C, under the restriction J < Jo. 

Consider now any set of n points P,, Pz, ---, P, arranged in a given 
order, and with successive points (P, and P,; being counted as successive) so 
near that J along the short orbital are which joins successive points is not 
greater than Jo/n. The total value of J along the combined arcs will be 
indicated by J(P1, Pe, «++, Px) and will not exceed Jo. Thus J may be 
looked at as a positive continuous function of position in the analytic 2n- 
dimensional manifold C2, , determined by n points of the characteristic surface 
and defined over the part D2, in which J along each arc is not greater than 
Jo/n. This part De, is bounded by analytic manifolds, corresponding to 
coincidence of two successive points or to the fact that J along the orbital 
arc joining two such successive points equals Jo/n. 

The initial curve A’ evidently furnishes a “ point” (P,, Pe, ---, Pn) 
of Do,. We restrict attention to that continuum of Ds, which contains 
this point. By continuous variation of a point in De, it is evidently possible 
to arrive at the point of D2, at which J has an absolute minimum in that 
continuum. 

Now pass to the corresponding minimizing curve P,, P2, ---, Px which 
can be deduced from A’ by continuous variation with J < Jo. 

The angles at the vertices of this curve are all +. For, on a properly 
taken characteristic surface, J denotes arc length, and the orbits become the 
geodesics. If the angle at the vertex P; is not 7, with P, as center let us 
strike off a geodesic circle through P;, which will cut P, P; orthogonally on 
the characteristic surface. With P»2 as a center let us strike off a second such 
are through P;. These two circles will necessarily have a region in common 
precisely because the angle at the vertex is not 7. If P; be a point within 


*Compare with Signorini (loc. cit.) whose method of attack is essentially the one here 
employed. 
+t We assume here and later the minimizing property of short extremal arcs. 
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this common region the short geodesics P, P; and P; P: will be shorter re- 
spectively than P, P; and P; Pz. If we allow P, to vary continuously from 
P, to P; within this region, J will further decrease while the point (Pi, P2, 
--+, P,) remains within D2,. This is impossible. 

This argument is unaffected if several vertices are coincident at P;, in 
which case we treat them as constituting a single vertex. 

It follows that the minimizing curve P,, P2, ---, P, isa periodic orbit. It 
remains to prove that this orbit is of minimum type. 

To see this we note that by taking n points P,, P2, ---, P, along the 
orbit so as to divide it into n arcs of equal length less than Jo/n, we can get 
an interior point of De, which corresponds to the minimizing curve. If there 
exists a curve near the orbit (i. e., such that corresponding points of curve and 
orbit are uniformly near together) along which J is less than along the orbit, 
we could employ our first process of deformation to find a nearby curve 
P,, Ps, «++, P, of orbital arcs for which J is less than along the orbit. But 
this state of affairs is impossible, for otherwise J would be less at a point of 
D2, than at the nearby point for which J is a minimum. 

This completes our demonstration for the case of no boundaries. 

Suppose now that only concave boundaries are present and that these are 
of the simple type singled out at first, being formed by orbital ares with 
interior angles less than 7. 

Inasmuch as the curve A lies within C we may continuously deform A to a 
curve P; P, --- P, made up of orbital arcs precisely as before. We are led 
again to define the positive continuous function J (Pi, P2, ---, Pn) where 
P,, Pz, «++, P» now lie on C and may not pass its boundaries. The region 
D2, will be a closed continuum in 2n-dimensional space. 

It is important to note that no part of the curve P; P2 --- P, can vary out 
of C as long as the points P;, P2, ---, P,lieinC. This is obviously true for 
the particular type of boundary under consideration. 


Fig. 2. 


Thus we are led to a minimizing curve P; P2 --- P, as before, such that J 
has a minimum at the corresponding point of D2,. The only possible new 
complication is that this curve has a vertex P; on one of the concave boundaries 
I. Let us investigate this possibility. 

The orbital arcs of the minimizing curve on either side of any such vertex P; 
will lie wholly on the inner side of the nearby parts of [. Also the part of 

Trans. Am. Math. Soc. 15 


P, 
Pins P;.1 r 
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the angle on the opposite side from I’ cannot exceed mw (Fig. 2). If, however, 
this angle were less than mw a further deformation would be possible which 
reduced J further, just as before. We conclude that there are no actual 
vertices on the boundary, i. e., that the angles are all equal to w at these 
points. 

From this it follows that if there is a single vertex on a concave boundary T° 
the adjoining sides must coincide with that boundary in a single orbital are. 
By passing to adjacent vertices of P; P, --- P, it is inferred that T forms a 
single periodic orbit with which the minimizing curve coincides. 

Now J is nbt less along the nearby curves within C than along this periodic 
orbit. Such a possibility would lead at once to the conclusion that the orbit 
was not the minimizing curve, just as in the earlier case. 

Hence we see that either the minimizing curve furnishes a periodic orbit 
of minimum type interior to C, or a periodic orbit of unilateral minimum 
type and coincident with a concave boundary. 

If some or all of the concave boundaries are not made up of a set of orbital 
ares we may approach to them, nevertheless, by concave boundaries of this 
special type (see §8). In this way a new continuum within C, possessing 
only concave boundaries, is built up. By means of it we can argue at once 
the existence of an orbit which satisfies the conditions of the theorem; for if 
the modified boundaries are sufficiently near the boundaries which they 
enclose, the curve A lies wholly within the new continuum, and the earlier 
argument may be applied to this continuum. 

Finally, we observe that, since A cannot be deformed with J < Jo to approach 
one of the type of non-concave boundaries allowed to enter, these boundaries 
do not introduce any difficulties. 

This second kind of boundary was present in the surfaces of negative curva- 
ture considered by Hadamard (loc. cit.). 

It would be desirable to establish, if possible, the existence of an orbit of 
minimum type in every case, whereas in a special case we have only inferred 
the existence of an orbit of unilateral minimum type. The following example 
shows that it is not possible to go further. 

Consider the geodesics on a surface of revolution generated by revolving a 
curve y = f(x) about the z-axis. We will consider the section of the surface 
generated by the part of the curve between x = aanda = b(a<b). Then, 
if the slope of the curve is zero at both 2 = a and 2 = b but negative else- 
where, this part of the surface is a continuum C in the form of a ring whose 
two boundaries are themselves closed geodesics and so yield two concave 
boundaries. Any circle in a plane perpendicular to the axis may be taken 
as a curve A. 

The closed geodesic of minimum length around the ring is evidently the 
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circle generated by the rotation of the ordinate atx = b. But if the generating 
curve has an ordinate which diminishes further for x > b, the circle is of 
unilateral minimum type and not of minimum type. 

10. Concave boundaries in the irreversible case. Consider now any con- 
tinuum C taken in the zy-plane instead of on the characteristic surface. 
Let P and Q be points of its boundary which are connected by an interior 
rectifiable are PQ. Clearly if P and Q are end-points of interior arcs AP 
and BQ and if the two inner end-points A and B of these arcs are joined by 
some inner rectifiable are AB, the three arcs connect P to Q. 

Arcs PQ of this kind lying near the boundary clearly fall into classes ac- 
cording to the number of times that PQ winds around the boundary. In 
particular, if a definite sense has been assigned to the boundary, there are 
arcs PQ which go from P to Q in the same sense and do not wind around the 
boundary at all. In this event we will say that P is positively connected with 
Q by the are PQ. 

If, whenever a point P is positively connected with a point Q by an are 
PQ of length less than d (d small), the region limited by this are and the 
unique short orbital are from P to Q contains no boundary points within it, 
the given sensed boundary will be called concave. 

A boundary made up of a finite number of arcs with continuous curvature 
and taken in a definite sense will be concave if the interior angles at the vertices 
are less than 7, and if the curvature towards the interior is not less than that 
of the orbit tangent positively to the sensed boundary. But the only par- 
ticular case to enter explicitly into our later reasoning is that in which these 
arcs are orbital. In this case the conditions for concavity are obviously 
satisfied. 

With this definition we can infer: 

Any sensed concave boundary T of a continuum C can be approached by another 
concave boundary in C made up of orbital arcs taken in the same sense with 
interior angles not greater than 7. 

The proof can be made by means of a slight modification of the corresponding 
proof in the reversible case (§ 8). 

Precisely as before we construct the broken line I’ made up of sides of 
non-rejected squares near the boundary and again denote the vertices of I’ 
at which two squares meet by K,, Ke, ---, Km. But we now choose these 
vertices in the order which gives I’ the same sense as I’. 

Let now the non-intersecting broken lines K; L; be constructed as before. 
It is apparent that the point J, is positively connected with L. by the broken 
line arc, L; K; Ke Le, and a similar statement holds for the other m — 1 ares 
of the same type. 

Hence, if we construct the short orbital arcs L; Lo, Le Ls, ---, Imi as 
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before, we infer that these arcs lie in C. We recall that, by the defining 
property of a concave boundary, the region limited by the are L; K, Kz Lz 
and the orbital are I, L2, for instance, lies in C. 

Evidently these orbital arcs completely separate [ from an interior point 
P, of C not near to’. The parts of these arcs accessible from Po form a 
curve I’ of orbital arcs lying near C. Further, these accessible arcs have 
the same sense as I’, for we cannot pass from Po to a point of an are such as 
L, I, on the side toward the boundary IT. 

Thus the curve I’ formed by these accessible orbital arcs yields a concave 
boundary of the stated kind. 

In the reversible case a fundamental property of concave boundaries made 
up of orbital ares is that a short enough orbital are with end-points in C lies 
wholly in C. 

An analogous property holds in the irreversible case, but requires more 
careful statement. We will take only the simple case which actually enters 
into the later reasoning. 

Suppose that T is a concave boundary made up of orbital ares with interior 
angles less than 7 at the vertices, and that C is a ring in the zy-plane. 

If a curve I'* formed by short orbital arcs makes a circuit of C in the same 
sense as I’ without crossing itself, and if the vertices of I'* lie within C, then 
I’* lies wholly in C. 

The proof of this statement is immediate. The part of I'* accessible from 
a point P; outside of C but not near to it must evidently consist of parts of 
orbital ares of I'* or of the whole of such arcs. Moreover the sense of these 
arcs will appear to be the same as that of I, since '* does not cross itself. 
Bearing in mind the special character of I‘ we see, however, that such an are 
cannot lie outside of C. 

11. The ring criterion in the irreversible case. We shall prove the follow- 
ing result: 

Given a ring in the xy-plane throughout which X and y (see (1’), (4’)) are 
positive, and whose boundaries are concave in one and the same sense. Then 
there will exist either a periodic orbit of unilateral minimum type coincident with 
one of the two boundaries, or a periodic orbit of minimum type without double 
points lying wholly within the ring and making a single circuit of the ring in the 


sense of the boundaries. 

The restriction that \ be positive is not essential, but it is essential that » 
be of one sign. If \ < 0a mere interchange of the réles of the equations (1’) 
(i. e., of 2 and y) brings us back to the case A > 0. 

We shall confine attention to the case when the boundaries are taken in a 
positive sense. Entirely similar arguments apply when the sense is negative; 
in fact, if there exists a point within the inner boundary, a direct conformal 
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transformation of the plane of the form w = 1/(z — 7) will take this inner 
point to infinity, and throw the given dynamical problem into a similar one 
with the sense of the boundaries reversed. 

Moreover we assume at first that the boundaries are made up of a finite 
number of orbital arcs with the interior angles at the vertices less than 7; 
it has been seen that such boundaries are concave. 

(a) Existence of a minimizing curve Y. Consider any analytic curve which 
makes a single circuit of the ring in a positive sense, and which has no double 
points. By joining nearby points on it by short orbital arcs taken in the 
same sense, one obtains a curve I’) made up of no orbital ares, each of length 
less than a small quantity d. The curve I'y makes a single circuit of the 
ring in a positive sense and has no double points. 

We propose to restrict attention to a class I of curves P; P: --- P, made 
up of a fixed number n > np of orbital ares P; P2, P2 P3, ---, Pn P: each of 
length not greater than d, namely those which make a single positive circuit 
of the ring, and are either without double points, or merely touch themselves 
internally. 

Such curves I are clearly wholly accessible from the outer boundary of the 
ring. Also it is clear that if a curve made up of a set of n orbital arcs each of 
length not greater than d forms a boundary wholly accessible from without 
and described in a positive sense it must be a curve [. Since it is always 
possible to introduce further vertices P arbitrarily, the particular curve To 
chosen may be regarded as belonging to the class T for any n > no. 

Let us choose any particular value of nm > mp and let us consider the inte- 
gral J taken around a curve of type. We will write J in the form (see § 2) 


J*=S-—A, 


where we take 


S=fWyds, (ade + Bdy). 


The component S has a positive value independent of the direction of 
integration and is analogous to arc length. The component A is analogous 
to an area and by Green’s theorem may be written (see § 2) 


SS rxdxdy — k. 


Here the double integral is taken over the area within I’, and k is a numerical 
constant. 

If yo denotes the positive minimum of y over the ring, and if 1 denotes 
the length of the curve I’, the integral S will be at least as great as 2-0 I. 
Since the double integral is taken over an area within the ring, A will be less 
than a constant uw», and thus we get for any curve T° 


(21) J* > Wyol — 
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If the vertices of I’, taken in succession, are P;, P2, ---, P, we may denote 
the value of J* along T by J (Pi, Po, «++, Pn). 

By the preceding inequality, the lower bound of J (Pi, P2, Pn) 
exceeds — uo. By choosing a proper sequence of curves we can evidently 
make P;, P2, ---, P, approach simultaneously a set of limit points P,, Pe, 

., P, respectiv ve while J approaches this lower limit J. 

We propose to inv a the limiting curve formed by the n orbital 
ares P; P2, Ps Ps, , P,, P; and to show that if n be taken large enough 
this curve will vical a periodic orbit of the type desired. It is obvious that 
J has the minimum value J along r 

(b) Proof that T is of type T. la I’; denote the part of I that is accessible 
from the outer boundary. This curve I’, is made up of orbital ares formed 
from a part of an are of I or from the whole of such an are. Inasmuch as the 
orbital ares are analytic, there are only a finite number of such arcs. 

It is evident that I, makes a single circuit about the ring. I say further 
that, if the constituent orbital arcs are reckoned in the sense of increasing 
time, I’; will make a positive circuit of the ring. 

For suppose that the sense of any are PQ of T; is negative. In this event 
PQ will be accessible from the outer boundary along analytic curves PL and 
QM ending at points Z and M of that boundary which have no point in com- 
mon (Fig. 3), and such that the points ZL and M appear in a negative order 


L 


along the outer boundary. Now let P; and Q; be points on PL and QM 
respectively near to P and Q, and let P; Q: denote an are lying within the 
region enclosed positively by PQML and uniformly near to PQ throughout 


its length. 

Consider now an approximating arc P’ Q’ of a curve [' which will have a 
direction nearly that of PQ at any point. The ares P’ Q’ and P; Q: are en- 
tirely distinct if P’ Q’ be taken sufficiently near to PQ, and form a narrow 
“canal.’”’” Moreover no point of the approximating curve T will lie on the 
region P,Q; ML under the same circumstances, since no point of I does. 


M 
P Q 
Fic. 3. 
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The analysis situs of the figure then renders it apparent that the approxi- 
mating curve (which makes a single positive circuit of the ring, is wholly 
accessible from the outer boundary and is either without double points or 
merely touches itself internally) must have a branch P” Q” passing through 
this canal in the opposite sense from that of [,. Therefore it is apparent 
that the are PQ also appears as a limiting orbital arc in the sense QP. 

But this is impossible. For if a sensed arc and the same arc taken in the 
opposite sense are orbital arcs, the curvatures in the positive directions along 
the two arcs would be the negatives of each other. However, the curvature 
formula (20) shows that the sum of the two curvatures is not zero but is 
precisely equal to 2\/ +27, on account of the fact that the two values of ¢ 
differ by 7 along the two curves. 

We note in passing the fact that we may conclude further: Jf \ > 0, the 
orbit having the opposite direction to that of a given orbit at a point lies to the 
right of that orbit near the point (Fig. 4). Indeed we see that the difference between 


Fia. 4. 


the curvature of the given orbit in its positive direction and the other orbit meas- 
ured in the same direction is 2d/ V2y , a positive quantity. 

We have now proved that the orbital ares which make up I, yield a positive 
circuit of the ring. Also none of these orbital arcs can exceed d in length, for 
each of them is either the limit of an are of curves T or of a part of such an are. 

I say further that I’; does not contain more than n such ares. 

There are only n vertices P;, P2, --+, P, on each of the approximating 
curves. Hence if it is demonstrated that every end-point of an orbital are 
of T; is the limit of at least one of these vertices, the statement will be estab- 
lished. But in the contrary case there will be an end-point of an are of Ty 
which may be taken at the center of a circle with radius so small that all of 
the approximating curves from and after a fixed one have no vertices within 
this circle. Such a situation implies that the approximating curves, as far 
as they lie in the circle, are composed of a single orbital arc terminated by 
the circumference. 

Hence, if the two arcs of I’; which meet at the center form an exterior angle 
different from 0, 7, or 27, nearby approximating arcs will necessarily intersect; 
this is contrary to the assumption that the curves I do not intersect. 
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This exterior angle cannot be 27 on account of the relation between oppo- 
sitely tangent orbits noted above. 

If the exterior angle at the center is 7, that point can count as a vertex only 
because it is the limit of one of the n vertices of the set of approximating 
curves . The statement holds in this case. 

In order to eliminate the possibility that the angle at the center is 0 it is 
necessary to make use of the assumption that I’ was defined as the limit of 
a set of approximating curves for which J approaches its lower bound J. 
So far we have proceeded without the use of this assumption. 

When the angle is 0 the approximating curves near the center of the circle 
are formed by orbital arcs with direction almost parallel, one set of arcs having 
the oppositely directed set entirely on its right (see Fig. 5). Otherwise by 
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the italicized remark above concerning the curvatures of two oppositely 
directed orbits at a point it would follow that the two approximating arcs 
intersect near to the center. Moreover we can choose two such arcs between 
which there are no others of the same type. The region between two such 
arcs evidently lies outside of the curve I’, for this region lies to the right of I’. 

Now suppose a short orbital are AB drawn across this region so as to join 
A to B in a positive sense (see figure). 

There are certainly one or more orbital ares of I between A and B. «In 
fact the arcs on which A and B lie do not meet near the center of the circle. 
Hence the number of these arcs is not increased if I be replaced by the curve 
I'* obtained by the substitution of the orbital are AB for the are AB of T. 
Neither will the length of any are of '* exceed d. 

Since all the vertices of I'* lie in C, the orbital arc AB of I’* lies in C (see 
end of $10). Clearly then I’* is of the type I’. 

Now the value of J along I'* is less than along T by a definite positive 
constant. In truth, the component A entering into J* = S — A is increased 
by the inclusion of the area bounded by the two arcs AB within the modified 
curve. Also the component S has been decreased by the deletion of an are 
length which certainly exceeds the radius of the circle if the approximating 


~~ 
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curves come near enough to the center, and has been increased by the sub- 
stitution of an arbitrarily short orbital are AB. Consequently J has been 
diminished by a quantity exceeding a quarter radius of the circle multiplied 
by ¥2ypo in all of the approximating curves from and after a fixed one. 

But this conclusion is incompatible with our assumption that J is approach- 
ing its lower bound J. 

Consequently the angle at the center is not 0. 

This completes our proof that every vertex of I’, is the limit of at least one 
vertex of I’, so that T; has at most n constituent orbital arcs of length not 
greater than d. Since I; is wholly accessible from the outer boundary of 
the ring, it is seen that I, is a curve of type I. 

Now if I; forms only part of r, the value of S for I’; will be less than for I. 
Also the value of A will be at least as large for I; since I’; includes within it 
all of the area within I. It is seen then that J is less for I, than for the 
minimizing curve I’, which is impossible. 

It has now been proved that I is a curve of type I’. 

(c) Proof that for n large enough l is a periodic orbit. The vertices P;, Po, 

., P, of T need not be true vertices of that curve, inasmuch as the angle 
at one or more of these vertices may equal 7. Let Q:, Qo, ---, Q, denote 
the true vertices, if any such exist. 

Among the k& arcs forming I a certain number /; will be of length less than 
d while the others will be as great as d in length. If k, be the number of 
the latter vertices we have ki + kz = k. 

Consider an arc, Q; Q2 say, of the first type. Since I is of type I’ there 
will be no parts of the curve adjoining this arc on its outer (right-hand) side. 

The two exterior angles at the ends of Q; Q2 must exceed 7. In fact if 
both angles are less than 7 but neither of them is zero, an orbital are Q; Q: 
drawn from one vertex Q; to a point Q; near Q» on the arc of r following 
after Q; Qs will lie wholly outside of I. The side Q, Q; will be less than d 
if Q; be taken near enough to Q2. If then we consider the curve Q; Q: --- Q: 
it is apparent that it forms a curve I lying in C (see end of § 10). But the 
value of J taken along Q; Q: is less than along Q; Qs Q5 since the orbital are 
from Q; to Q) yields a minimum value of J as compared to any nearby arc 
joining the same two points. Consequently J would be less along the new 
curve than along I. 

Precisely the same argument is available to rule out the possibility that 
one exterior angle (say that at Q2) is less than 7 but not equal to zero, while 
the other exceeds 7. 

Moreover, if one of the angles, say that at >», is equal to zero while the 
other angle is different from zero, the are which follows upon Q; Qs will lie 
to its right and be tangent to it in a negative sense; here we recall the property 
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of oppositely tangent orbits proved earlier. Hence in this case too an arc 
(), Q; will lie outside of I and thus our argument may be used in this case also. 

Finally the case of two zero angles may be excluded; in such an event 
both ares adjoining upon Q; Q2 would lie to the right of it and have the opposite 
direction to Qi Q2. An orbital are Qi Q: joining points Q; and Q; on the 
arcs immediately preceding and following Q; Q2 may be used in place of an 
are Q, Q;. If and are taken sufficiently near to Q; and Q2 respectively 
the are Q: will lie outside of for otherwise Q: Q2 and Q; would cross 
twice at nearby points which is not possible. 

Consequently, if there are any arcs Q; Q2 of length less than d, the two 
exterior angles at the end-points exceed 7. 

Now neither interior angle at an extremity of such an are can be zero, 
since oppositely tangent orbits have been seen to lie to the right of each other. 
And, unless the curve I touches this orbital arc on its inner side, an argu- 
ment like the above can be used to show that the interior angles must exceed 7. 
Hence we are driven to the conclusion that every orbital are Q: Q2 of T of 
length less than d is touched on its inner (left-hand) side by I. 

But we cannot have a point of contact of I with Q; Q2 save at a vertex 
Q:; (1 + 1,2). In fact at a point of contact not at a vertex the tangent orbit 
to Q; Qe would lie to the left of that arc, which is the inner side, whereas it 
can only lie to the right. 

On account of the fact that the interior angles at Q; and Q» are less than 7 
the exterior angle must be less than 7 at such a vertex Q;. 

According to our earlier argument, each of the two sides abutting upon Q, 
will therefore necessarily be of length at least as great as d. 

Since there are k, arcs of length less than d, there must be at least k,/2 
vertices Q; of contact, one for each two arcs. 

But each are of I of length as great as d furnishes at most two vertices Q, 
so that there are at least k,/4 arcs of length as great as d whence kz = k,/4. 

On the other hand from the inequality (21) we infer 


V2 


where / denotes the length of [. But the total length of the kz arcs of length 
at least d is as great as ke d so that we have 
Wit 

270 d 


Bearing in mind the relation k = k; + ke and the inequality k, = 4/2 we get 


d 
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In other words the number of true vertices Q; on I’ does not exceed a speci- 
fiable integer, n:, no matter how large n > mo is taken. Of course J does not 
increase with n so that one and the same value of J can be used in this in- 
equality for any n > no. 

Now let us choose an integer nz such that 

In this case n2 points interspersed at points along I in such wise as to divide 
it into nz parts of equal length will yield arcs of length less than d. 

Suppose now that we choose n > nm, + m2. I assert that then T can have 
no vertices Q;. 

In the first place there are at most n; actual vertices on IT. Secondly, if 
we insert m2 points equally spaced along I’ and regard them as vertices also, 
the resultant set of arcs form a curve on which every arc is of length less than d, 
and we have not yet employed all of the available n vertices which may be 
assigned on I’. 

No exterior angle of I can be less than 7, since otherwise we could insert a 
short external orbital arc across such a vertex, and thus decrease J without 
using more than n vertices. 

Also no interior angle can be less than 7. This possibility is at once ex- 
cluded in a similar way unless the curve I touches itself (on the inner side) 
at that vertex. But this would imply that one of the other ezterior angles 
at the vertex is less than 7, and we are led to the case excluded above. 

Hence there are no true vertices for n sufficiently large. The curve I forms 
a periodic orbit which makes a single positive circuit of the ring and is wholly 
accessible from the outer boundary of the ring. Since this orbit is not tangent 
to itself on the left, it will be without double points. 

(d) Proof that T is of minimum type. Such an orbit may lie entirely within 
the ring. Consider any nearby rectifiable curve. On such a curve choose a 
series of points far apart in comparison with their distance from the orbit, 
but at a short distance from each other. The curve of orbital arcs joining 
these points in order will then form a curve of type [ for a fixed large n along 
which J is less than or at most equal to the value it has along the given curve. 
But the value of J is not less along any curve I’ than along the curve I. 
Hence we conclude that the periodic orbit is of minimum type. 

If the periodic orbit touches the boundary of the ring it will coincide with it, 
and the same proof is available that was given in the reversible case. More- 
over the orbit is clearly of unilateral minimum type, and the above argument 
is available to prove this fact. 

(e) Extension to the case of general concave boundaries. We have thus 
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proved the existence of a periodic orbit of the kind desired, when the two 
boundaries of the ring are made up of a finite number of orbital ares with the 
interior angles less than +. But in § 10 it was shown that the most general 
concave boundary could be approached by boundaries of this special type 
and lying in the immediate neighborhood of the given boundaries. By the 
above reasoning we infer the existence of a periodic orbit on the new ring 
formed by the modified boundaries, and thus infer the truth of the theorem 
in the general case. 

12. Application of the criterion of §11. In the reversible case, at least 
when the characteristic surface is closed and of genus p > 0, we were able to 
infer the existence of periodic orbits. In other cases the knowledge of boundar- 
ies of a particular type was required before the existence of periodic orbits 
could be inferred by the minimum method. 

A direct application of the result of § 11 for the irreversible case requires 
the knowledge of two boundaries of a particular type. One cannot hope to 
wholly avoid the use of such auxiliary boundaries, unless periodic orbits which 
intersect themselves are considered, as was not the case in § 11. In truth, 
if \ be very large and positive throughout, the curvature formula (20) shows 
that the curvature is uniformly large and positive. Hence any orbit on the 
characteristic surface will necessarily either intersect itself, forming small 
loops, or it will tend asymptotically toward a small orbit of loop form. Thus 
no periodic orbits without double points exist on the surface except those 
deformable to a point. 

On the other hand, if a and 8 are so small that J exceeds some positive con- 
stant multiple of the arc length along every orbital arc, the methods of §§ 8, 9 
are available to prove essentially the same theorems for closed characteristic 
surfaces in the irreversible case as have been obtained in the reversible case. 
Here then is a case in which the existence of auxiliary boundaries is not required. 

In the present paragraph I shall show that the existence of one auxiliary 
boundary of a particular type suffices in many cases. 

If, in a given irreversible problem, \ and y are positive throughout a closed 
characteristic surface C of genus p > 0, on which is taken a single boundary 
concave toward the region on its left and not deformable to a point on that region, 
there will exist a periodic orbit of minimum type without double points into which 
this sensed boundary is deformable on its left. 

To begin with we will assume that the concave boundary is made up of 
orbital arcs with interior angles less than 7. 

Let us suppose that the genus p exceeds unity. We may regard the char- 
acteristic surface as infinitely sheeted, and the given boundary as making a 
closed cut in this surface. This implies merely that a circuit like that along 
the boundary is by convention regarded as one which takes a point back to 
its initial position. 
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Consider now the reversible problem for which \ is zero but y has the same 
value as in the given irreversible problem. The given boundary is concave 
in this reversible problem also. For, the curvature formula (20) shows that 
the curvature of an orbital arc in the irreversible problem exceeds that of the 
tangent orbital arc in the reversible problem by \/ ¥2y. Hence the reversible 
arcs which touch the boundary will lie on its right, and the reversible ares 
which join near by points of the boundary will lie within the region and on 
its left. This suffices to make clear that the boundary is concave for the 
reversible problem also. 

If we restrict attention to a large enough part of this continuum it will 
evidently be impossible to deform the boundary off of it, even in part, with- 
out making J (in the reversible problem) very large. 

Consequently the result of § 9 shows that there exists a periodic orbit of 
minimum type for the reversible problem, lying within this continuum, into 
which the boundary may be continuously deformed on its left. 

The given boundary and part or all of this periodic orbit evidently form the 
two boundaries of a ring on the continuum. The orbit, however, yields a 
concave boundary in the irreversible problem when taken in the same sense 
as the given boundary. Indeed the tangent orbits in the irreversible problem 
have greater curvature and thus are externally tangent to the ring. Thus 
orbital arcs (in the irreversible problem) connecting nearby points in the 
positive sense lie wholly within the ring, and the boundary is concave. 

Applying the result of § 11 to this ring we obtain the stated conclusion for 
p > 1, at least if the given boundary is composed of orbital arcs. But it 
was proved in § 10 that the given boundary can always be enclosed by a con- 
cave boundary of this special sort which lies in its immediate neighborhood. 
Hence the orbit will exist for p > 1 in all cases. 

When p = 1, and the given boundary is deformable to a point on its right- 
hand side, the cut continuum obtained by the same process as before may be 
mapped on an infinite cylinder on which there is a single boundary which can 
be deformed to a point on its right-hand side. The same argument is appli- 
cable as before. 

When p = 1 and the boundary is not deformable te a point on its right- 
hand side, the cut continuum is analogous to the part of an infinite cylinder 
bounded by one base which corresponds to the given boundary. In this 
case the boundary can be deformed to the infinitely remote parts of the con- 
tinuum without J (in the reversible problem) increasing indefinitely. A 
modification of the preceding argument is therefore required. 

It has been proved that there exists a periodic orbit in the associated re- 
versible problem which is derivable from the given boundary by deformation. 
On the cylinder this appears as any one of a set of equally spaced curves 
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making a single circuit of the cylinder. The ring suited to replace the ring 
used in the other cases is that bounded by the given base and one of this 
congruent set which is taken so remote that it will not intersect the base. 
The rest of the discussion may be made as in the other cases. 

13. An example. The condition that d is of one sign, or some restriction 
of similar import, is essential to the success of the minimum method in the 
irreversible case. I shall present an example to prove that the minimum 
method may fail if \ is not of one sign. More precisely, it will be established 
by an example that if this restriction upon \ be removed, the minimizing 
curve I' which minimizes J among all curves I (see § 11) may not be a periodic 
orbit for any choice of n. 

We will consider a ring in the zy-plane whose two boundaries are con- 
centric circles with center at the origin of coérdinates. By a conformal trans- 
formation of the type treated in § 2 we may take this ring into the square with 
opposite vertices at (0,0), (1,1) ina new #g-plane (Fig. 6), so that 7 = 0 


v 
(1,1) 
P, 
I ( 
A >0 
P, 
Fia. 6. 


and g = 1 correspond to the same radial line y = 0 in the zy-plane. Such a 
transformation leaves (1’), (4’) unaltered in form, while \ and 7 are periodic 
functions of g of period 1. Conversely, from a dynamical problem in the 
#-plane where \ and ¥ are periodic in g of period 1, we may pass back to a 
problem over a ring in the zy-plane. 

The integrals J , S, A, and the corresponding integrals J,S, Aare of course 
equal along corresponding curves. 


For convenience we will first construct an example in the Zg-plane, and 
later interpret it in the zy-plane. 

We will take 27 equal to unity in the #j-plane. By (20) the curvature x 
then becomes \. The orbits will accordingly have curvature at each point 
equal to a given function of position ). 

The function \ will be chosen pogitive along the line = 0, and negative 
along the line € = 1. Under this hypothesis tangent orbits along # = 0 
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and ~ = 1 with direction of motion toward the g-axis will lie outside of the 
strip 0 = = 1 near the point of tangency. In the zy-plane the corre- 
sponding’circular boundaries are therefore concave in a positive sense. 

We will restrict \ still further. We will take \ to be zero along a line 
=a <1 near x = 1, and negative for x >a. For # < a we will take r 
to be positive outside of a circle lying within the unit square, and large save 
near the circle and # = a; within the circle \ is to be negative, and large 
save near its circumference. 

It is clearly possible to meet all of these requirements and still to have 
analytic in £, 9 and periodic in g of period 1. 

In the zy-plane the function d will change sign along the image of the 
circle and of the line = a. 

If the earlier hypothesis \ > 0 was superfluous, we ought still to be able to 
affirm the existence of a periodic orbit of type T along which J was an absolute 
minimum, at least among all curves [ which make a single positive circuit of 
the ring. Let us suppose that such an orbit does exist. 

The corresponding orbit in the j-plane would be given by a curve joining 
a point of 7 = 0 to the congruent point of 7 = 1, and lying wholly in the 
strip 0 = # = 1 but not necessarily lying wholly in the unit square. 

Inasmuch as the curvature is large and of one sign save near the circum- 
ference of the circle and near £ = a, it follows that orbits not lying wholly 
near this circumference or line will have points of intersection with itself 
nearby if produced in both directions, or will wind around in a spiraliform 
orbit. In this way it appears that the periodic orbit assumed to exist must 
lie wholly near to @ = a. 

Since the orbit does not cross itself the motion at a right-most point (Z 
a maximum) must be in the direction of the positive g-axis, and the curvature 
must be positive or zero at the point. Hence this point cannot lie to the 
right of @ = a where X is negative. Similarly a left-most point cannot lie 
to the right of x = a. Consequently the orbit in question necessarily coin- 
cides with the line x = a. 

It is evident that the line = a does yield a periodic orbit of type T. 
Furthermore, any modification of this orbit to a curve in its near vicinity 
which joins a point of 7 = 0 to the opposite point of 9 = 1 cannot diminish 
the arc length S and will increase the area integral A, at least if the curve 
has no double points.* Hence the orbit = a is of minimum type. 

However, we see readily that J does not have as small a value along = a 
as along other curves joining opposite points of 7 = 0 and g = 1 on the strip 
0 = = 1 and without double points. We may take as such a curve one 


*It was shown in § 11 that any nearby curve could be replaced by one without double 
points and with a lesser value of J. 
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that consists of all of = a except a short segment to the right of the center 
of the circle, and of a negative loop about this circle, replacing the deleted 
segment of £ = a, with sides near together save near the circle’ (see line 
P, P, P; Ps P; of figure). By this modification S is increased by less than the 
length of the loop. ‘The integral A = f/f ddZdg has now been increased by a 
large quantity, since the circular area has been excluded from the region of 
integration, and } is large and negative throughout most of this circle. Hence 
J has been considerably diminished. If the loop be made up of short orbital 
arcs the corresponding curve in the azy-plane will be a curve T along which J 
is smaller than along the periodic orbit corresponding to = a which has been 
seen to be the only periodic orbit of type T’. 

That is, there is no periodic orbit of type I which furnishes an absolute 
minimum for J. 

14. Scope of the minimum method. To what type of orbits is the mini- 
mum method applicable? In order to answer this question we have recourse 
to the differential equation (16) of normal displacement 


bn” + = 0 


‘ 


obtained in §5. Here the orbit from which the “ infinitesimal” normal 
displacement ¢5n is measured is the given periodic orbit, and I is a periodic 
function of the time ¢ having the period 7 of the orbit. 

Consider any solution 6n of this linear differential equation which vanishes 
att = ¢). The most general solution with this property is a constant multiple 
of any particular one, and we assume that the solution under consideration 
is not identically zero. 

If 6n vanishes at a later time ¢ = ¢, then every solution will vanish in the 
interval (fo, t:) and likewise in the intervals (ft) + kr, t; + kr) where k is 
an arbitrary integer. Thus every solution will vanish infinitely often before 
and after t = to. 

When this situation arises, and ¢,; is taken to be the first zero of 6n after 
t = to, there is defined a one-to-one sense-preserving analytic transformation 
from tp to ¢;, or from the point Qo of the orbit which corresponds to fp to the 
point Q, which corresponds to 4;. According to Poincaré,* with such a trans- 
formation of a closed curve into itself there is associated a unique real num- 
ber o defined by the following property: the mth transform ft, of to lies be- 
tween the integral part of mor/2zm and the next greater integer. We shall 
call this number o the rotation number of the orbit; it measures the mean 
angular advance between successive points of crossing of the periodic orbit 
by an orbit in its infinitesimal vicinity. 


*Journal de mathémat iques, ser. 4, vol. 1 (1885), pp. 167-244; in particular 
pp. 220-244. 
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It may happen that the solution dn which vanishes at ¢ = to does not vanish 
again. In this case no solution can vanish more than once. For obvious 
reasons we will write ¢ = © in this case. 

It is only the orbits ¢ = © which can be yielded by the minimum method. 
For then and only then will J have a minimum along the given periodic orbit. 
The proof of this fact is direct* and depends on classical methods in the 
calculus of variations. 

In order, however, that the criteria given above be applicable it is further 
required that the periodic orbit can be surrounded by two curves (to take a 
simple case) which are concave toward the ring which they delimit. We shall 
show that this further requirement can be met. 

By a multiple periodic orbit is meant one for which the differential equation 
of normal displacement has at least one periodic solution (not identically 
zero) with the period 7 of the given orbit. Otherwise the orbit is called simple. 

The minimum method is applicable to all simple periodic orbits for which 
c= 

To establish this fact we think of a pair of linearly independent solutions 
5n,, 5n2 of the displacement equation as the homogeneous coérdinates of a 
point on the projective line. In virtue of the familiar relation 


(22 5n; — dn. dn, = + 0, 


which obtains between 6, 52, the point P describes the projective line 
continually in one sense. 

On account of the hypothesis ¢ = © the point P cannot describe the 
complete projective line, for if we had 6n;/d5n2 = ¢1/c2 for two distinct values 
of t, the solution dn, — 6n2 would vanish twice. 

Hence as ¢ increases from fy to tp) + 7 a segment Ao A; of the projective 
line is described. 

Since I is periodic in ¢ of period 7 the solutions 6n;, dn, will necessarily be 
replaced by certain linear combinations of themselves after ¢ has increased 
by rt. More explicitly, we may write 


(t + 7) = abn(t) + bbne(t), (t + 7) = cin, (t) + ding (t). 
The equation 
(23) ad — be = 1 


holds because of the relation between 6n; and dn2 noted above. 

Therefore as ¢ increases further from tp + JT to to + 27 we obtain a second 
segment A; A, which may be derived from Ao A; by the projective trans- 
formation 


Ms = an; + bn2, ms = cny + dno. 
* See Poincaré, Les méthodes nouvelles de la mécanique céleste, vol. 3 (Paris, 1899), pp. 283- 
293. 


Trans. Am. Math. Soc. 16 
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In this way a series of segments A; Az, Ae Az, «++ are obtained which are 
derived from Ay A; by means of this particular transformation and its succes- 
sive iterations. Likewise by decreasing ¢ a series of segments A_; Ao, A_2 A_1, 

- are successively obtained which may be derived from Ao A, by use of the 
inverse transformation and its iterations. 

The totality of segments A; A;,1 so obtained will not cover the complete 
projective line, as has been noted earlier. 

This transformation must therefore have either one or two real invariant 
points. If there were no such points the transformation would necessarily 
generate the complete line. Hence by a proper choice of 5n,, dn2—i. e., by 
a proper choice of points 0, © on the line—the above formulas will take one 
of the two forms 


6m, 7) 


Il 


pén, (t), (t+ 7) 


(t+ 7) = bn, (t), (t+ 7) = bn, (t) + bne(t). 


It should not be forgotten that the transformation is direct and that (23) 
holds. Moreover in the first form we may exclude the possibility p = 1 
since the transformation is not the identity, and we may exclude the possi- 
bility that p is negative for in that case 6n,; would change sign infinitely often. 

In the second case the differential equation of displacement possesses a 
periodic solution 6n,, and the given periodic orbit of minimum type is to be 
regarded as a multiple periodic orbit. 

We are now prepared to establish that the minimum method is applicable 
in all cases o = ©, at least when the periodic orbit is simple. 

In the first of the two cases above we are at liberty to assume p <1. Be- 
cause of the multiplicative property of 6n, expressed above, that function 
cannot change sign once without doing so infinitely often. Consequently 
dn; is of one sign for all values of t, and may be taken positive after multi- 
plication by a constant. The same property shows that 6m; will approach 
+ © for limt = + © and will approach 0 for lim t= — «. Similarly, 
if 5n2 be taken positive, dn2 will approach 0 for lim ¢ = + © and o for 
limt = — o. 

The solution 6n = 6n; + dnz is everywhere positive and approaches + 
for lim t= + ©. Suppose that 6n admits an absolute (positive) minimum 
fort =t. If we plot r = 6n as a curve in polar coérdinates and 2rt/r as the 
angular variable, that curve will lie outside of a circle r = ¢ to which it will 
approach most nearly for t = t. Moreover it will recede indefinitely from 
that circle as t — t increases indefinitely in absolute value. It is therefore 
intuitively evident that there will exist a single loop of the curve with interior 
angle less than 7 at the vertex. 
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A corresponding slightly displaced orbit, of normal distance approximately 
proportional to dn will therefore form an orbital loop on one side of the given 
periodic orbit with an interior angle toward that orbit of magnitude less than 7. 
A second corresponding slightly displaced orbit will form a second such loop 
on the other side of the orbit. The two orbits taken together form the two 
concave boundaries of the ring of which they are the boundaries. Hence the 
minimum methods of §§ 9, 11 may be applied, at least unless the dynamical 
problem is an irreversible one in which \ changes sign along the periodic orbit. 

But even in this exceptional case the minimum method may be applied. 
To this end we recall that @ and @ in the integral J are merely fixed in so far 
that the equation a, — 8, = Xd is to hold. If then the orbit is taken con- 
formally into the z-axis this relation may be satisfied by putting 


a= ddy, B=0. 
0 


The values of e and 6 so obtained are zero along the orbit. Going back to 
the given variables we see that the functions a and 6 may be chosen so that 
they both vanish along the orbit, and are small near that orbit. The minimum 
method has been observed to be applicable in such a case (see beginning of § 12). 

Since nearby orbits may recede indefinitely from a periodic orbit ¢ = « 
without crossing it, we shall call these orbits completely unstable. The results 
of the present paragraph show that other methods must be devised to discover 
other types of orbits, and we proceed now to give a method of this sort. 

15. The principles of minimum and of minimax. The algebraical minimum 
principle upon which the criteria for the orbits of minimum type may be 
based is the following: 

Minimum Principe. If an analytic function J is defined throughout a con- 
tinuum (in n-dimensional space) and is less than J’ at some interior point Po, 
and wf along the entire boundary either J exceeds J’ or the normal derivative of J 
toward the interior region is negative, then there exists an interior point P at which 
J has a relative minimum J < J’; and such that a point P may vary continu- 
ously from Py to P within the continuum while J remains less than J’. 

This principle is an immediate consequence of the observation that the 
continuum containing Po defined by the inequality J < J’ necessarily contains 
a point P at which J has an absolute minimum J throughout this continuum. 
On account of the conditions imposed along the boundary (if there is a bound- 
ary), the point P will lie within the original continuum as well as within the 
continuum J = J’. Thus J has a relative minimum at P. 

Another type of point at which all the directional derivatives of a function 
J vanish is defined as follows: If Jo is the value of J at a point Po and if the 
inequality J < Jo — € where ¢ is small and positive defines more than one 
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region near the point Py, then Po» will be called a point of minimax. If the 
inequality defines k regions in the neighborhood of Po, that point will be 
said to be of multiplicity k —1. Clearly Po is not a point of minimum. 
In the case n = 1, Po is a point of maximum. 

The algebraical principle upon which the consideration of orbits of minimax 
type will be based is the following: 

Minimax PrincipLe. Let a function J be analytic within and continuous 
throughout a continuum (in n-dimensional space) possessing m-fold linear con- 
nectivity, and let there exist l points of minimum P, Ps yttty P, in the continuum. 
If, whenever a point P is varied from a point P; to a point P; 1 the continuum 
with J = J’, it is possible to continuously modify the path of P into another 
path from P; to P; wituin the continuum along which we have J = J’ , then there 
exist at least m + 1 — 1 points of minimax within the continuum. 

This second principle does not seem to have been as explicitly employed as 
the companion minimum principle given above. It may also be established 
vasily. 

Let us begin with the case m = 0 so that the given continuum is simply 
connected. Consider the regions of the given continuum defined by the 
inequality J = p. When p is less than the absolute minimum of J through- 
out the continuum there are no such regions. As p increases through the 
minimum of J we get a single region which includes within it the corresponding 
minimum point P which we will take to be P;. More generally let us assume 
that the minimum points P, have been so arranged that J; = Jo = ++: S Ji. 
At present we pass over the special case when some of the quantities J, are 
equal. 

As p increases still further this region expands and may reach the boundary. 
For p = Jz a second region comes into existence about the point P,. This 
region will expand also with further increase of p. 

Thus as p increases we have / regions coming into existence about the points 
P;, Ps, «++, Prin order. 

Meanwhile various ones of these regions may have united. Such a junction 
cannot take place along the boundary of the continuum on account of our 
hypothesis. For, if a junction were to occur at a point of the boundary, 
say for J = p’, it would be possible to join the corresponding points P; and P; 
contained within these regions by a line lying in the continuum along which 
J = p’; in particular we should have necessarily J = p’ at some point of the 
boundary along this line. But by our hypothesis such a line may be deformed 
into a second line, joining the same two points P and lying within the con- 
tinuum, along which we have J = p’. This state of affairs indicates, however, 
that the two regions under consideration either have united for p < p’ con- 
trary to our assumption, or have united at an interior point for p = p’. Con- 
sequently the regions will unite first at points within the continuum. 
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Now, when p has increased sufficiently, all of the regions will have united 
into a single region comprising all of the given continuum. Consequently 
there are at least / — 1 interior points of junction required unless more than 
two regions unite at a single point. A point of junction is of course a point 
of minimax. Counting multiplicities properly, we have always at least / — 1 
points of minimax. 

Furthermore, the possibility that some of the quantities J are equal merely 
means that more than one region comes into existence for the same value of p, 
which in no way affects our argument. 

If we had assumed that the linear connectivity of the given continuum 
was not zero, an entirely analogous argument would have led us to the con- 
clusion that there existed m + 1 — 1 points of junction. For, as each junction 
takes place, either the number of regions J = p is diminished by unity or the 
total linear connectivity of these regions is increased by unity, but not both. 
Also we can infer that such a junction takes place within the continuum: 
otherwise there would be a type of line joining a point P; to a point P; along 
which J = p, while no line deformable into it exists lying wholly within 
the continuum. This is contrary to hypothesis. Thus there are at least 
m +1 — 1 points of junction in the general case. 

It is interesting to determine the characteristic property which distinguishes 
points of minimax from other points at which all of the directional derivatives 
vanish. At any point where these derivatives vanish, the function J may 
generally be expanded in the form 


where 21, %2, ***, 2%» are properly chosen variables. If all the coefficients 
are positive we have a minimum point; if all are negative, a maximum point. 

If all of the terms in the expansion beyond those of the second order be 
omitted, there is obtained a set of quadric surfaces J = p which get 
to the given surfaces in form near the point 2; = x2 = +--+ = x, = 0 under 
consideration. We shall treat this form of J only, ia it is re anil seen 
that the argument is essentially applicable to J in its original form. 

Let us suppose that the first & of the coefficients are negative and the others 
positive. Then the points J = p’ < p may be interpreted as follows: Con- 
sider two spheres of radii r; and re with their centers at the origin in an 21, #2, 
+++, Space and in an Xn Space respectively. Let us impose 
the condition 

(p' <p). 


A pair of points, one 6n each sphere, evidently corresponds to a point on the 
approximating manifold J = p’. 
Any possible pair of values of r; and rz may be obtained from any other by 
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continuous variation. Also any point of a sphere can be continuously varied 
into any other without modifying the radius, at least unless we have a one- 
dimensional sphere, consisting of two distinct points only. Hence, unless we 
have k = 1 ork = n — 1, the region J < p’ is made up of one piece near the 
point. 

Moreover we observe that r, can be continuously varied from positive to 
negative values if r; and re are connected by the above equation, while r; 
necessarily remains of one sign. We see then that this manifold J < p con- 
sists of a single piece for k = n — 1. 

Therefore the case k = 1 is the only case which can yield a minimax. But 
in this case r; remains either positive or negative no matter how re varies. 
Thus we have actually two regions J < p’, and a corresponding point of 
minimax. 

Our hypothesis concerning the boundary of the given continuum may per- 
haps appear somewhat artificial. A slight consideration shows, however, 
that the hypothesis will be satisfied if the boundary possesses a continuously 
turning tangent plane and if the inner normal derivative of J is negative at 
every point of the boundary. In this event a line in the continuum joining 
two minimum points may be deformed so that each point moves along the 
stream line of the function J. This deformation generates another line 
lying wholly within the continuum, along which J is less at corresponding 
points than before. Thus the hypothesis will hold. We have chosen that 
particular form of statement which makes possible an immediate application 
of the minimax principle. 

16. The minimax method forp > 0. Reversible case. The types of peri- 
odic orbits which we are about to consider have the following characteristic 
property: the value J’ of J is not a minimum along the orbit, and nearby 
curves for which J < J’ fall into two distinct classes, no member of one of 
which can be continuously deformed into a member of the other under the , 
restriction J < J’. These orbits will be termed of minimax type. 

We shall first take the case when the characteristic surface is of genus 
p > 0 which is somewhat simpler: 

If the characteristic surface is closed and of genus p > 0 in a reversible problem 
with y > 0, and if there exist | > 0 periodic orbits of minimum type deformable 
to a point, then there exist at least | periodic orbits of minimax type deformable to a 
point. 

If there exist | = 1 periodic orbits of minimum type deformable into one another 
but not to a point on the charaeteristic surface, then there exist at least l or 1 — 1 
orbits of minimax. type into which they may be deformed, according as p = 1 
orp>tl. 

Let us commence with the case when there exist | orbits deformable to a 
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point. It is convenient to employ the geodesic interpretation of J as the are 
length on the characteristic surface. 

Clearly it is possible to choose a value of the are length J so large that a 
curve of length less than this value J’ may be continuously deformed from 
any one of the minimum periodic orbits into any other of the set or into a 
point. As such a curve varies from any one such orbit to any other or to a 
point, a set of n orbital ares P; P2, P2 P3, --+, P, P joining n points of that 
curve taken at equal arc intervals will also form a curve which also varies 
from one orbit to the other or to a point. The value of J along the modified 
curve will not be larger than along the original curve, and each arc of the 
new curve will be of arc length less than d = J’/n. Here it is supposed that 
n is taken large. 

Now n points P,, P2, ---, P, of this sort ranging independently over the 
given characteristic surface evidently determine a 2n-dimensional analytic 
manifold. We will denote this manifold by Con. 

A set of n points P;, P2, ---, P, such that successive points are not at a 
distance greater than d from each other corresponds to a single point of Con. 
The totality of such points evidently forms one or more continua lying within 
Con. One of these continua, say D2,, will contain / points K,, Kz, ---, Ky 
corresponding to the n orbits of minimum type. 

Since there are various ways of choosing the vertices along a periodic orbit, 
such an orbit will yield more than a single point. In fact each vertex may be 
varied along the orbit, so that to an orbit corresponds an n-dimensional region. 
Part of this region will lie on the boundary, since the vertices may be varied 
into coincidence or so as to be at a distance d apart. On the other hand part 
of the region lies within D2, for, if we take the vertices at equal distances from 
each other, their distance apart along the curve will be less thand. We recall 
that the arc length is less than J’ along any such orbit. Hence K,, K2,---, Ky 
may be taken within Do,. 

Each of these / points give a minimum value of the function J. In the 
contrary case there would be nearby points of D2, for which J is smaller than 
at the point, and this would correspond to a curve of orbital arcs on the char- 
acteristic surface near an orbit of minimum type but yielding a smaller value 
of J. This is not possible. 

Likewise the point curve obtained by letting Pi, P2, ---, P» coincide also 
yields a minimum 0 for J and lies on the boundary of D2,. Let us denote 
the corresponding point of Do, by Kix1. 

In order to apply the minimax principle of the preceding paragraph it is 
sufficient to be assured that if one can pass from one of the points K; to another 
with J = J; < J’ by means of a curve in Don, then it is possible to pass from 
one of these regions to the other by means of a curve within De, along which 
Jad. 


| 
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This must necessarily be the case. Such a curve corresponds to a con- 
tinuously varying set of curves P; P, --- P, on the characteristic surface, of 
which the first is one orbit of minimum type while the last is another (or a 
point). Take a set of points Q:, Q2, ---, Q, along an arbitrary curve of 
this sort so that the curve is divided in n equal parts and construct the orbital 
arcs Q; Qo, Qo Qs, +++, Qn Qi. In this way we get a modified curve Q: Qe 
--+ Q, along which J is not larger than along the first curve. Moreover, 
since J may be taken less than J’ along the curve P; P, --- P, each are of 
the curve Q; Q2 --- Q, will be less than d = J’/n. By this process we may 
replace the given series of curves by another of the same sort but with the 
further property that every orbital arc is of length less thand. If we prevent 
the vertices from coinciding throughout the variation by a very small modi- 
fication first of the path of the vertex (2 so as to avoid Q,, then of Q; so as 
to avoid 2, and so on, there results a sequence of curves (); Qo --- Qn, 
varying from one orbit of minimum type to the other (or to a point) and corre- 
sponding to a line within Don. 

Applying the minimax principle referred to we infer that there exist / points 
of minimax of the function J (Pi, P2, ---, Px) within Do,. Let us develop 
the properties of the corresponding curves P; P2 ---+ P,. 

Let (21,41), Y2), ***, Yn) be the codrdinates of the points 
P,, Po, «++, Pa respectively. These 2n variables form a suitable set of 
coérdinates of a point in Do, , at least near the point which corresponds to the 
minimax. The integral J becomes then a function of these variables. Of 
course the condition that the directional derivatives all vanish is independent 
of the particular choice of variables made in D2, . 

However, the formula for the variation of J with a single vertex P, when L 
has the normal form (10) with a = B = 0, is 


(24) = (a, — bx + (yi — y2) dy, 


where x and y denote the coérdinates of that vertex, and x;, y2 and 2), y; 
stand for the values of dx/dt, dy/dt in a forward and backward direction 
respectively at the vertex. Hence, in order that the directional derivatives 
all vanish, it is necessary and sufficient that x; and y; are respectively equal 
to x; and y; at every vertex, i. e., that the two orbital ares which abut upon 
the vertex have the same direction. 

It is therefore seen that every minimax point corresponds to a periodic 
orbit. We must still prove that these orbits are of minimax type. 

Such an orbit cannot be of minimum type. For the corresponding point 
of Dz, is a minimax point so that nearby points of D2, can be found at which 
the function J is less than at the minimax point. This implies that there is 
a curve of orbital ares nearby at which J is less than along the periodic orbit. 
This would not be possible if the orbit were of minimum type. 
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It has been seen earlier that any curve near a periodic orbit for which 
J < J’ can be deformed continuously into a set of n orbital arcs each of length 
less than d, while J is made constantly to diminish from its initial value along 
the curve. In fact, if we choose n points of the curve at a distance less than 
d apart and very near to the orbit, the arc joining two successive points of 
this set may be continuously deformed into the unique short orbital are con- 
necting the same two points. If this deformation of all the arcs be made, 
the required deformation of the original curve is accomplished. Moreover, 
if one such curve varies into another with J < J’ the corresponding curves of 
orbital ares may be varied one into the other with J < J’. 

To such a curve of orbital arcs there corresponds a point of D2, near the 
minimax point which yields the periodic orbit. 

Consequently we are led to infer that there are precisely as many distinct 
classes of curves near the orbit which cannot be deformed into one another 
with J < J’ as there are regions J < J’ in D2, which merge at the minimax 
point. 

Therefore the orbit is of minimax type, and, if we agree to count it according 
to the multiplicity of the number of classes of curves J < J’, the first state- 
ment made at the outset has been completely proved. It will be found later 
($ 19) that there are at most two such classes, so that this possibility of multi- 
ply taken orbits of minimax type does not really arise. 

Suppose now that the given periodic orbits of minimum type are not de- 
formable to a point on the characteristic surface, and that we have p = 1. 
In this case the characteristic surface is torus-shaped and any such orbit may 
be deformed into itself on the surface by slipping around it. Consequently 
if we form the continuum D2, as before that region will be doubly connected. 
If we consider the torus to be developed upon an infinite right circular cylinder 
in such wise that the given orbits of minimum type correspond to closed curves 
on the cylinder, the operation of slipping a curve around the cylinder may be 
defined as a continuous deformation of such a curve which takes such a curve 
into a congruent adjacent curve on the cylinder. A corresponding path in 
Deo, can evidently not be deformed to a point, for that would mean that a 
set of curves joining a curve to a congruent curve might be continuously 
modified to a single curve, whereas it will always join a curve to a distinct 
congruent curve. 

Thus we infer the existence of | orbits of minimax type in this case by the 
minimax principle of the last paragraph with m = 1. 

On the other hand if we have p > 1 it will not be possible to slip an orbit 
on the characteristic surface into itself except through a set of curves which 
may be modified to a single curve. Otherwise the set of curves would sweep 
out a torus-shaped part of the characteristic surface, and there is no such 
part forp > 1. 
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Here then we can only infer the existence of 1 — 1 orbits of minimax type. 

17. The minimax method for p=0. Reversible case. The minimum 
method afforded a proof of the existence of periodic orbits for p > 0. The 
minimax method has an especial interest in the case p= 0. From it we 
shall infer the existence of oue periodic orbit of minimax type in the case 
p = 0, at least for reversible dynamical problems. 

If the characteristic surface is closed and of genus 0 in a reversible problem, 
and if there exist | = 0 periodic orbits of minimum type, then there exist at least 
l + 1 periodic orbits of minimax type. 

We commence with the simplest case 1 = 0. Here the intuitive formula- 
tion of the method of proof becomes very clear if one adopts the geodesic 
interpretation used above (see the introduction). 

Consider any family of curves on the characteristic surface, analogous to a 
family of parallel circles on the sphere, and defined specifically as follows: 
(1) the curves form a continuous series of which the first and last are point 
curves, (2) the curves are rectifiable with an upper limit of length, (3) one 
and only one curve passes through each point of the surface. 

Such a set of curves is evidently expressible in terms of two parameters: 
first, an angular parameter v of period 27 which varies along each curve of 
the family, and secondly a parameter yp which varies from 0 to 1 as the curves 
vary, so that uw = 0 and yw = | correspond to the point curves. 

A set of curves of this sort will be said to form a normal covering of the 
characteristic surface. Any family of curves, of which the first and last are 
point curves, and which may be derived from a family which gives a normal 
covering by continuous variation, will be said to form a covering of the surface. 

A curve which passes in order through all of the curves of a covering will 
be said to slip over the characteristic surface. 

If a varying curve slips over the characteristic surface, every point of the 
surface will be a point of a curve at some stage of its variation. 

For, conceive of the normal covering as a continuous membrane which covers 
the given surface. Any other covering is obtained by continuous distortion 
from this particular covering. But this yields merely a distorted membrane 
which must still cover the surface, so that every point lies on some curve of 
the distorted covering.* 

Having introduced these preliminary ideas, we are prepared to give the 
application of the method of the preceding paragraph to the case p = 0. 

As before we consider n points P;, P2, ---, P, as determining a point in a 
2n-dimensional manifold C2,. Also, if J’ is taken so large that a curve of 


* A rigorous proof of the theorem of analysis situs involved is not given here on account 
of the obvious truth of the theorem. Such a proof can be made by commencing with the case 
of coverings which vary analytically, in which it is seen that every point is covered an odd 
number of times, and then passing by a limiting process to the general case. 
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length J on the characteristic surface may be made to slip over the surface 
with J < J’, we define the manifold D2, as the region of C2, for which the 
successive points P;, P,, ---, P, are not greater than a distance d = J’/n 
apart. 

A family of curves P; P2--- P, made up of orbital ares of lengths less 
than d and constituting a covering can now be obtained from the given cover- 
ing, with J < J’ along each curve of the new covering. Such a family of 
curves corresponds to a line within D2, joining one point J = 0, at which 
P,, Pz, «++, Pn coincide, with another such point. 

Now the points of D2, for which J is zero evidently constitute a closed two- 
dimensional surface on the boundary of D2,, inasmuch as we have one point 
J = 0 for each point of the characteristic surface. 

The above line beginning and ending at a point of this two-dimensional 
boundary cannot be deformed to lie wholly in this boundary. In the con- 
trary case we should be able to deform the covering of curves made up of 
orbital ares into a series of point curves, and not passing through a given 
point of the characteristic surface. This has been seen to be impossible. 

We infer that D., is not linearly simply connected. By the minimax prin- 
ciple of § 15 we therefore are led to infer the existence of a point of minimax 
within D.,, for we have a point of minimum J = 0 in De,. 

Hence we infer as before that there will exist a corresponding periodic orbit 
of minimax type. 

In the case when there are / > 0 given periodic orbits of minimum type 
the same method obviously leads to the conclusion that there exist 1 + 1 
periodic orbits of minimax type as stated. 

Thus we see that there exists at least one closed geodesic of minimax type 
on any surface of genus 0 (see introduction). 

18. Introduction of concave boundaries. The results of the preceding para- 
graph admit of an easy extension when the characteristic surface possesses 
one or more concave boundaries: 

If the characteristic surface in a given reversible problem has one or more 
concave boundaries,* and if there exist | periodic orbits of minimum type deform- 
able into one another, then there will exist at least | or | — 1 periodic orbits of 
minimax type into which they may be deformed, according as the given orbits 
may or may not be deformed to a point. 

Let us suppose at first that the boundaries are formed of orbital arcs meeting 
with interior angles less than 7, or of a single periodic orbit. Precisely as in 
the case of a closed characteristic surface we may define a 2n-dimensional 
continuum C2, and a second continuum D>», lying within it. 

The essential difference is that here D2, possesses a boundary corresponding 


* Distant boundaries may also be admitted as in § 9. 
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to each of the given concave boundaries. When a vertex P; of P; P2 --- Py 
lies on a concave boundary, the corresponding point of Den lies upon a boun- 
dary of this description. Thus De, possesses boundaries of a new type as 
well as boundaries of the earlier type corresponding to the possibility that 
adjacent vertices of P,; Pz --- P, may coincide or lie at a distance d apart. 

Now let us suppose further that the region D2, continues to satisfy the 
hypothesis of the minimax principle of § 15. If the given periodic orbits of 
minimum type can be deformed to a point we will have | corresponding points 
of minimum of De, as well as a point of minimum corresponding to the value 
J = 0 obtained when the curve P; P, --- P, becomes a point. Thus there 
will be at least / points of minimax in this case, and at least 1 — 1 such points 
when the orbits can not be deformed to a point. 

We see then that in order to establish our results for concave boundaries 
made up of orbital arcs we need merely show that the stream lines of the 
function J pass from the boundary to the interior of Dz, everywhere along the 
new boundaries (see end of § 15). 

If a point moves along a stream line, the 2n codrdinates (2 , y) of the vertices 
of the curve P; P, --- P, will vary in such a way that the partial decrease 
of J due to the variation of each vertex (2, y) alone will be as large as possible 
when compared to the displacement of the vertex. This indicates that the 
direction of motion of each vertex of P; I’, --- P, on the characteristic surface 
is along the direction of the interior bisector of the angle at the vertex. Here 
the geodesic interpretation is serviceable. The direction at each vertex evi- 
dently depends upon the directions of the two abutting ares only, and is the 
same as though only that vertex varied. The partial variation at a vertex is 
6J. given by (24), and is unaltered in form by a translation or rotation of the 
xy-plane. If we take a new origin at the vertex and a new y-axis along the 
bisector we have 2; = 2; which shows that we have 6x = 0. Also since J 
diminishes along the inner bisector, the direction of motion is along the inner 
bisector. 

Hence if we have a point on a boundary of D2,, which corresponds to a 
curve P,; P, --+ P, having one or more vertices on a concave boundary, the 
vertices of that curve will move away from the concave boundary as the point 
of D2, moves along the stream line. It was observed earlier that as long as 
the vertices do not cross the concave boundaries, the orbital ares do not. 

If the angle at any vertex is 7 the above argument fails. In this special 
case the boundary is made up of a single orbital arc near the vertex. Such a 
vertex lies on an orbital are of P; P, --- P,, terminated by vertices at which 
the angle is not r. As the corresponding point of D2, moves along its stream 
line the end vertices move along the inner bisectors as before, while the other 
vertices on the ares remain nearly stationary (see (24)). Hence the adjoining 
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angles begin to become less than z on the interior side, and their vertices move 
toward the interior region. Thus this case is also disposed of. 

Since we may surround a concave boundary not made up of orbital ares 
by a second concave boundary made up of such ares and lying in its immediate 
neighborhood (§ 8), it is clear that we may regard the italicized statement as 
demonstrated in all cases in which none of the concave boundaries consist 
of a single periodic orbit. We proceed now to consider this case. 

The possibility that such a bounding orbit is of minimum type is at once 
disposed of. For the stream lines will all move toward the interior of Den 
on the corresponding boundary, save at, those points which correspond to an 
arc P; P, --- P, making up this orbit itself. But these points correspond to 
a minimum of J in De, which lies on the boundary of D2,. Such a point does 
not necessitate a modification of our argument. 

If, however, such an orbit is not of minimum type it may be approached 
by a concave boundary of orbital ares. This fact will appear in (a) of the 
following paragraph. The new boundary may be used in place of that 
afforded by the periodic orbit, when the preceding argument becomes appli- 
cable. Consequently the italicized statement is true in all cases. 

19. Scope of the minimax method. By definition of periodic orbits of 
minimax type these have the characteristic property that nearby curves with 
a smaller value of J fall into two (or more) manifolds of curves which cannot 
be deformed one into the other with J less than along the periodic orbit of 
minimax type. In order to determine the scope of the minimax method we 
are led to inquire how many such manifolds of curves J < J’ there will exist 
along an arbitrary periodic orbit for which we have J = J’. Along an orbit 
of minimum type there are no such curves so that we do not consider that 
case; this is the case o = © (see § 14). 

If ¢ < x along a given periodic orlut for which J = J’, any nearby curve for 
which J is less than along the given orbit may be deformed into any other such 
nearby curve under the restriction J < J’. Ifo >a buto + ~, any nearby 
curve with J < J’ belongs to one of two classes, any two curves of either class 
being deformable into one another through nearby curves with J < J’, and the 
curves of one class not being deformable into curves of the other with J < J’. 
If o = x there are either one class or two classes of nearby curves with J < J’. 

(a) Proof that I may be taken positive. We commence by showing that, 
if ¢ + © along the given periodic orbit, the function J in the differential 
equation (16) of normal displacement may be taken positive. 

For ¢ + ~ it has been seen that any non-identically zero solution 6n of 
this equation vanishes infinitely often as ¢ ranges from — ~ to + #. On 
this account we can find a set of ¢ intervals which include all the points of the 
interval 0 = t = t (1 the period of the periodic orbit) as interior points, and 
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each of which has two successive zeros of a solution 6n for first and last 
point. For instance if ¢ > 27 a single interval of this sort can be found, since 
solutions exist which nowhere vanish in this interval. 

Regard now ¢ and 6n as the rectangular coédrdinates of a point in the plane 
and construct all the curves 6n = 6n(t) which correspond to the set of intervals 
formed by successive zeros. We will agree to alter the sign of the functions if 
necessary so that all of these curves shall lie above the ¢ axis in the interval 
under consideration. Let us construct also all congruent curves obtained 
by shifting these curves by a multiple of 7 to right or left. All of the curves 
so obtained will represent solutions of the differential equation of normal 
displacement, inasmuch as the function I is periodic in ¢ of period 7. 

The complete set of curves so obtained and the t-axis evidently include a 
strip, of which the lower boundary is that axis and the upper boundary A is a 
series of arcs of curves which represent solutions of the differential equation 
of normal displacement meeting at angles greater than a toward the t-axis. 
It is also apparent that the upper boundary may be obtained from the part 
0 =t=rT by shifting this part to the right or left by a multiple of r. 

Incidentally we observe that on either side of the periodic orbit for which 
o + © a nearby curve of orbital arcs (corresponding to A) can be found 
meeting at angles less than 7 away from the orbit. - This fact was used at 
the end of § i8. 

Evidently this upper boundary may be looked upon as a curve whose curva- 
ture is equal to that of the tangent 6n curve save at the vertices where it is 
infinitely greater away from the axis (Fig. 7). More exactly, it will be pos- 
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sible to draw a nearby analytic curve A*, only slightly differing from this 
boundary, whose curvature, at each point will exceed that of the tangent 
curve representing a solution of the differential equation. . 

Although the possibility of this last construction is intuitively manifest, 
we shall say a few words about the analytic details. Divide the t-axis into a 
set of intervals which include all save the immediate vicinity of the vertices 
and which are distributed into congruent sets obtainable from one set by a 
shift along the t-axis through a multiple of r. Immediately above an included 
segment of the boundary curve we may draw another A; obtained by multi- 
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plying the ordinates of the boundary segment by a fixed constant 1 + v where 
v is small and positive (see figure above). 

Now increase the function I of the differential equation slightly through- 
out this interval, say to J + d, where d is a small positive constant. The new 
differential equation 


én” + (1+ d)in =0 


will have solutions which differ but slightly in position and direction from the 
solutions of the equation of displacement. A solution én can be found which 
is represented by a curve Az lying wholly between the narrow strip between 
A and A, and is nearly coincident in direction with A. 

The curvature of this curve will exceed that of the tangent curve repre- 
senting a solution of the differential equation of normal displacement. In 
fact the ordinate and slope of the two curves are the same, while 5n” for the 
new curve will exceed 6n’’ for the boundary arc by precisely din, as a com- 
parison of the two differential equations shows. 

Construct further the congruent curves of this auxiliary curve in the con- 
gruent intervals, and make a similar construction in other sets of congruent 
intervals. We obtain in this way a curve A, defined within the given set of 
intervals. 

We propose now to define the curve I, in the excluded intervals (see in- 
terval AB of figure) which fall into congruent sets. Take one of these short 
excluded intervals which contains a vertex of the boundary curve. Join the 
two adjacent ends of the ares A, by a short are whose curvature is large away 
from the ¢-axis save near the end-points and everywhere exceeds that of the 
tangent dn curve. Since the curvature is greater than that of the tangent 
dn curve at the end-points of the ares of the auxiliary curve A, defined in the 
two adjoining intervals, we may make this short are tangent to the auxiliary 
arcs at the common end-points with equal curvature. 

Also construct congruent short arcs in the congruent excluded intervals, 
and treat the other sets of congruent excluded intervals in like manner. 

In this way we complete the construction of a curve A» representing a single- 
valued function of ¢ with continuous first and second derivatives, periodic of 
period 7, which has the further property that the curvature of the correspond- 
ing curve at each point exceeds that of the tangent 6n curve. 

Hence it follows at once that we may find a nearby analytic curve with the 
same property. 

Now it is known to be possible to make a conformal change of variables 
in the 2y-plane which alters arc lengths along a given periodic orbit in any 
desired ratio (see § 3), and thus small normal distances in nearly the same 
ratio. Imagine then that the particular conformal transformation has been 
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made which alters arc lengths in inverse proportion to the height of the aux- 
iliary analytic curve above obtained. 

Since 6n is proportional to infinitesimal displacements from the given 
orbit, the transformed equation of normal displacement will have its normal 
distances affected in the same ratio. Hence the transformed auxiliary curve 
will be a line parallel to the new t-axis whose curvature at each point exceeds 
that of the tangent 6n curve. This means merely that for dn > 0, én’ = 0, 
we have én” >0. We infer from (16) that J must now be positive. There- 
fore it is legitimate to assume that I is positive fora + © , as was to be proved. 

The condition ¢ + @ is satisfied by the periodic orbits under consideration. 

(b) Construction of a minimizing curve P,; P2-++ P, in a strip. Let us 
now map the given periodic orbit conformally upon the s-axis in an sn-plane 
with preservation of are lengths along the orbit, and let us confine attention 
to the strip contained between the parallels n = c; > 0, and n = c¢ <0 
within which lies the s-axis. On account of the relation between normal 
displacements along the periodic orbit and the solutions of the differential 
equation of normal displacement, we see that, for c, and ¢, sufficiently small, 
orbits tangent to the two sides of this strip will lie within the strip near the 
point of tangency. More generally we see that at any point of parallelism 
with the s-axis and near to it the orbit is concave toward the s-axis with a 
curvature which is of the first order in the distance from that axis and is 
given to terms of the second order by — In. 

We restrict attention to the curves near to the given orbit which lie in 
this strip. Such a curve may be thought of as joining a point s = 0 to a point 
s = L (L the length of the orbit) having the same ordinate. The complete 
image consists of course of this segment and congruent segments obtained 
by a shift to right or left by a multiple of S. 

Introduce now a set of equidistant ordinates taken near together, of which 
the first is s = 0 and the last s = L. The nearby curve will intersect each 
of these ordinates at least once, say in the points P,, P2, ---, Pa where P; 
and P, are the initial and terminal points of the nearby curve. 

Consider the curve formed by the orbital ares P; P2, P2 P3, «++, Pai Pn. 
If c; and ¢2 are sufficiently small these arcs will be almost parallel to the s-axis 
and long in comparison with ¢c; and c.._ A previous construction is available 
to deform the given nearby curve into the set of orbital ares while J is decreased 
still more. This constitutes the first deformation of the curve under the 
restriction J < J’ which we will make. The curve P; P2 --- P, of orbital 
ares may not lie wholly in the strip, but its vertices lie in the strip. 

We will now vary the vertices P;, P2, ---, Pn in the strip up and down 
the vertical ordinates on which these points lie, while diminishing J further. 
The integral J appears as an analytic function of the ordinates of these 
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points in which the n variable ordinates vary independently between the 
limits c; and c2. Consequently we may vary these points P; and with them 
the curve P; P, --- P, to a relative minimum. This constitutes the second 
deformation of the given nearby curve which we will make. 

(c) Proof that there are at most two classes of nearby curves P; P2--- Pr 
with J < J’. Let us now turn to a consideration of the form of the minim- 
izing curve P; P, --- P, so obtained. 

In the first place there can be no vertex P; within the strip at which the 
angle is not +. For we may freely vary that vertex up and down with a 
variation of J given by the formula 6J = (y; — y:) dy (see (24)), where y 
denotes the ordinate of the vertex and y; and y; denote the slopes on the 
two sides of the point. This variation may be made negative if y; and y; 
are unequal, which is impossible. But 2; and x; will be equal if y; and y: 
are equal by (4’). Accordingly the two arcs have the same direction at an 
interior vertex. 

The same formula shows that if a vertex lies upon the upper edge of the 
strip the angle toward the axis of s must be as large as 7 since y; must be as 
large as y;. The same fact is true of the vertices on the lower edge of the 
strip. 

The extreme vertices P; and P, require no especial attention. It is really 
the curve made up of P; P; --- P, together with the congruent curves referred 
to above that are under consideration. 

The simplest possibility is that all the vertices lie upon one and the same 
edge of the strip. If these are on the upper edge each constituent orbital! arc 
has no minimum point between its end-points, for the curvature of any such 
arc has been seen to be toward the s-axis at a point of parallelism with that 
axis. Hence each such arc lies above that edge with one interior maximum 
point. Likewise if the vertices lie upon the lower edge each arc will lie below 
that edge with one interior minimum point. 

We will establish that for c:/cz large no other possibility can arise. 

Suppose if possible that P; P: --- P, lies partially but not wholly within the 
strip, and let PQ be an interior are of this curve ending on the sides of the 
strip. The are PQ is evidently a single orbital are. We recall that all interior 
vertices yield an angle 7. 

If the point P is not a vertex and we continue the curve to a vertex P;, 
the orbital are P; P must lie wholly outside of the strip, and the orbital are 
P; Q contains a point of parallelism with the s-axis between P; and P, that is 
near to P. On the other hand if P is a vertex the are PQ cuts the preceding 
orbital are of P; P: --- P, with an exterior angle at least 7. If this angle ex- 
ceeds 7 the curve PQ when prolonged beyond P lies below the preceding orbi- 
tal are. Since it cannot intersect it again (nearly coincident orbital arcs do 
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not intersect at two nearby points), the prolongation will cut the edge of the 
strip again between the ordinates corresponding to the two vertices of the 
preceding arc. Here again we have a nearby point of the prolongation of 
PQ which has a direction parallel to the s-axis. In the limiting cases when the 
curve PQ touches the edge of the strip at P, and when the angle at the 
vertex is 7, the same thing is true. 

We are thus led to the conclusion that any interior are PQ of P; P2--+ Pa 
forms a single orbital arc which when prolonged beyond P and Q will neces- 
sarily have a point of parallelism with the s-axis in the vicinity of either point. 

The ratio of the ordinates of orbital arcs at such horizontal points lies 
between fixed limits, just as the ratio of the ordinates 6n at points of maxi- 
mum or minimum of a solution én of the differential equation of normal 
displacement remains: between fixed limits. Hence if we choose cz to be 
sufficiently small in comparison with c; the curve P; P2 --- P, cannot have 
an interior arc PQ of which one end-point lies on the upper edge n = c of the 
strip. Otherwise there would be a horizontal point nearby, and the adjacent 
horizontal point would necessarily lie on the opposite side of the s-axis and 
relatively much below n = c2. This is not possible. 

Hence only interior arcs PQ can exist which begin and end on the lower 
edge of the strip. 

But such interior arcs cannot exist either. For, observe that the orbital 
arc PQ must cross the axis between P and Q at least once; if it did not there 
would be a maximum below the axis which has been seen to be impossible. 
Let P’ and Q’ be two adjacent points of crossing of that axis within PQ. The 
abscissas of P’ and Q’ cannot approach those of P and Q any more than the 
points of zero slope and of zero value of the solutions of the differential equa- 
tion of normal displacement can approach each other. 

Now Q’ is nearly the forward conjugate point of P’ both along the orbit 
n = 0 and along P’Q’. Let P” Q” be an are of PQ, lying between two of 
the equidistant ordinates, such that the forward conjugate point of P’”’ comes 
before Q’”’. There will then exist curves near to P’”’ Q” joining these same 
two points which give a lesser value to J than does P” Q”’ itself.* Hence by 
our first method we can replace this curve by a nearby curve of orbital arcs 
with vertices on the equidistant ordinates along which J is less than before. 
Thus P; P. +--+ P, did not afford a relative minimum of J among all curves 
P, P; --+ P, derived by continuous variation, which is contrary to hypothesis. 

We see then that no interior ares PQ exist. Moreover the minimizing curve 
P, P, +++ P, cannot lie wholly within the strip, In the contrary event this 
curve would form a periodic orbit cutting the s-axis at least twice for 
0=s=L. On this account the argument just used would show that the 
curve could not possess the minimizing property. 
* See Bolza, Variationsrechnung, pp. 83-84. 
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Consequently we infer that all of the vertices P; lie either on the upper 
or the lower edge of the strip. There are thus at most two classes of nearby 
curves equivalent under deformation with J < J’, and a representative in 
each class is furnished by the two curves P; P2 --- P, with vertices on an edge 
of the strip. 

We shall finish a proof of the italicized statement by showing that if ¢ < + 
there is only one such class, whereas if ¢ > a there are two classes. 

(d) Proof that there is only one class of curves J < J’ if o < m. Suppose 
that we have o < 7. In this case every solution of the differential equation 
of normal displacement vanishes at least twice in the interval 0=t=r. 
Along the orbit the second forward conjugate point to s = 0 precedes s = S. 
We may therefore find points P;, Qi, Pz, Qs on the s-axis lying in the interval 
0 = s = L in the order named, such that Q, follows the conjugate of P;, and 
Q» follows the conjugate of P2. 

If now R;, be a variable point upon some intermediate ordinate and we draw 
the orbital ares P; R; and R; Q; we will get a varied curve P; R; Q: which 
will coincide with the s-axis when R,; is upon that axis. Here it is assumed 
that the ordinate upon which FR; lies precedes the forward conjugate of P; 
and follows the backward conjugate of Q; so that P; R; and R,; Q; are uniquely 
determined. The arcs P; R; and R, Q, will meet at an angle which exceeds + 
away from the s-axis. The second variation of J along P; R; Q: will be nega- 
tive if R, varies upon either side of the s-axis.* Now let us construct an 
analogous are P2 R2 Qs and consider the curve made up of the two ares P; Ri Q1, 
P2 Rz Qo, and the s-axis (0 =s=L). If both R, and R; lie upon the same 
side of the s-axis, J is less along this curve than along that axis. The same 
is true if R; and R, lie upon opposite sides of the axis. 

Now let R; be held fast while Rz varies to the other side of the s-axis. Next 
let R. be held fast while R, varies to the same side as R2. During this vari- 
ation J will constantly remain less than along the axis. In this way we can 
deform a nearby curve on one side of the axis to one on the other with J < J’ 
throughout. 

But all of our preceding arguments apply to a strip 0 = n = ¢, which is 
in effect the case c2 = 0. When the initial curve lies in this strip we conclude 
then that it may be deformed to have its vertices upon one of the edges of the 
strip with J < J’. It cannot be deformed into the axis itself since we have 
J = J’ along the axis. Therefore, when FR; and R, lie above the s-axis the 
curve made up of P; R; Qi, P2 Re Q2, and the s-axis, may be deformed into a 
curve P, P, --- P, with vertices upon n = ¢,, and likewise when R; and R; 
lie below the s-axis the curve may be deformed into a curve P; P2--- Pp 
with vertices upon n = ¢2. 


*See Bolza, Variationsrechnung, pp. 83-84 for a consideration of this classical form of 
variation. 
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By combining these deformations or their inverses in a proper order we 
will deform a curve P; P; --- P, with vertices upon n = ¢2 into a like curve 
with vertices upon m = ¢; through a series of nearby curves along each of 
which we have J < J’. Since it was previously established that any curve 
can be deformed into one of the two special positions of P; P, --- P, it fol- 
lows that all nearby curves with J < J’ may be deformed into each other 
with J < J’. 

(e) Proof that there are two classes of curves J < J' ifo >a. It remains 
to prove that if ¢ > mw the two special positions of P; P2 --- P, do belong to 
distinct classes, i. e., cannot be deformed into one another with J < J’ through- 
out. 

In order to do so we begin by associating with a point P of the given periodic 
orbit an opposite point Q which precedes the forward conjugate of P and 
follows the backward conjugate of P. It is precisely because of the fact 
o > x that such a point will exist. Moreover P will then be an opposite 
point of Q. Now let P vary to Q along the orbit in one sense. During this 
variation the forward and backward conjugates of P will remain distinct so 
that we may select a continuously varying opposite point Q varying from 
@ to P in the same sense at the same time. Thus an involution of opposite 
points on the orbit is determined. 

Imagine now the orbit thrown upon a circle and let P’ and Q’ denote the 
point of bisection of the ares PQ and QP respectively, where P and Q are a 
pair of opposite points. The point P’ stands in the same relation to P as Q’ 
does to Q. 

Hence we define in this way a deformation of a point P of the orbit into a 
point P’ of the circle in such wise that opposite points become opposite points 
of the circle. It is possible that one point of the circle corresponds to more 
than one point of the orbit, but, since the correspondence is continuous, we 
can conceive of a deformation of the diameters of the circle (one diameter for 
each pair of opposite points) which makes the correspondence one-to-one. 
Thus we may always think of the pairs of opposite points as deformed con- 
tinuously into the opposite points of a circle. 

Now suppose the strip cz = n = c; deformed into a double ring in a plane 
in such wise that radial lines correspond to the ordinates in the sn-plane and 
the orthogonal circles correspond to the lines n = const. Furthermore, we 
will suppose that the pair of ordinates which correspond to a pair of opposite 
points appear as superposed radial lines. 

If it were possible to deform a curve from above the s-axis to below and 
not have opposite points on the axis at any stage, the corresponding curve in 
the transformed plane would appear as a closed curve making a double circuit 
of the ring which is deformed from one side of a given circle C to the other 
without having a pair of superposed points lying upon it at any stage. 
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If this were possible it would be possible to approximate to the given family 
of curves by an analytic family which has the same property. For we must 
recall that the given family is representable by means of continuous functions 
of two variables which may be approximated to by analytic functions. 

Now in the initial position, we may assume that the first analytic curve of 
the family is not the same curve taken twice.* It is then apparent that there 
will be an odd number of superposed points on the curve. In fact there is 
only one double point for a properly chosen analytic curve which makes 
a double circuit of the ring, and any analytic variation can only introduce 
or remove these points in pairs. 

Now draw the analytic curves composed of all superposed points for the 
various members of the analytic family. Since there are an odd number of 
points on the first curve there are an odd number on one side of C at the out- 
set. As the curve varies only an even number are introduced or removed at 
any stage at one and the same point. Hence there must remain an odd 
number on that side of C unless there are points on C at some stage. At the 
last stage, however, there are none on that side of C. We conclude that 
superposed points on C must exist. 

Therefore, during the deformation of a curve P; P2 --- P, from the first 
special position on one side of the periodic orbit to the second special position 
on the other side, there will be an intermediate position when the varying 
curve cuts the orbit in a point P and its opposite point Q. 

Inasmuch as J from P to Q is a minimum along the orbit, and J from Q 
to P is a minimum along the orbit, this implies that J = J’ along this par- 
ticular curve. It must not be forgotten that the conjugate point of P in either 
direction lies outside of PQ. 

Thus we have J 2 J’ along one of the varying curves, which is contrary 
to our hypothesis. 

Our original statement is now fully proved. 

The minimax method yields therefore only periodic orbits along which 
¢ =z. I shall not attempt to go further and show that all orbits of this 
type can be obtained by the minimax method. It is possible to give extensions 
of that method which do yield all of these orbits, but the conditions of appli- 
cation which I have found render these extensions practically useless. 

20. Method of analytic continuation. Reversible case. The preceding 
methods fail to apply for a < 7. We proceed now to a method which is not 
subject to this limitation, namely the method of analytic continuation. 

The results established by Poincaré enable one to affirm that if the differ- 
ential equations of the dynamical problem under consideration involve a 


* This can be done unless the varying curve is taken twice throughout in which case it 
will have a superposed point wherever it cuts the axis. 
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parameter uw, then (1) the periodic orbits vary analytically with uw and (2) 
they can only disappear or come into existence in coincident pairs. 

This method of analytic continuation is not applicable save for “ small” 
changes in the parameter ». To make possible an extension to a preassigned 
interval uo = w = m1, it is necessary to prove that the period of the varying 
periodic orbit does not become infinite. The recognition of this limitation 
of the method led Poincaré to the formulation of his last geometric theorem. 
But the application of this theorem depends upon a construction known to 
be valid only for a “‘ small ” variation of the parameter. 

In the present and immediately following paragraph we shall show in a 
wide range of cases that the period cannot become infinite. 

Preliminary to the development of our result in the reversible case we 
shall establish the following fact: 

If the characteristic surface in a reversible problem is either closed or bounded 
by a finite number of ovals of zero velocity (y = 0) without double points (2 
+ +0) for w= usm, the number of intersections of a periodic orbit 
with itself remains unchanged with variation of p.* 

Let us write the equation of the orbit in the form 


x=f(t,u), y=gl(t,n), 


where f and g are analytic in ¢ and yp, and periodic in ¢ of period r(y) with 
7 also analytic in p. 

It is evident geometrically that as ¢ increases by rt we have either described 
the orbit once or a finite number of times. Since we suppose that 7(,) is 
the least positive period of the orbit for a general yu, the orbit will be described 
only once as ¢ increases by 7 save for exceptional values of yu. 

At present we will bar out the possibility that the orbit consists for all yu 
of a segment of a curve described in opposite senses. This case can only arise 
if ovals of zero velocity are present, on which the end-points of the segment lie. 

When zu has not one of these exceptional values the orbit is nowhere tangent 
to itself. For if the direction of two branches of the orbit is the same or 
opposite at a point, the tangent branches must coincide throughout in a re- 
versible problem. It follows that variation in the number of intersections 
of the orbit with itself can only arise as uw passes through one of these excep- 
tional values. 

Consider now two short arcs of the orbit which come into coincidence for 
w = p away from the ovals of zero-velocity. If we denote the normal dis- 
tance from a point P on one of these branches to the other by v (¢, w) it is clear 
that v(t, w) is analytic in ¢ and yw, and by hypothesis vanishes identically for 
uw =u. Hence we may write 


° Compare Poincaré, these Transactions, vol. 6 (1905), pp. 237-274. 
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o(t,u) 


where 2; (¢) is not identically zero and k is a positive integer. 

It is clear, furthermore, that 2; (¢) is a solution of the differential equation 
of normal displacement for 4 = nu. It follows that the zeros of 7 (t) are 
isolated, and that v; (¢) is not zero when 2; (t) vanishes. 

The number of crossings of the two branches when uy is nearly equal to u 
is indicated by the number of roots of the equation 


m1 (t) + =0 


in the vicinity of a given value of ¢t. If o,(¢) + 0 for this value of ¢ there 
are evidently no such values for u <p» or uw >. On the other hand if 
v(t) = 0 we have v;(t) + 0, so that the usual theorems concerning the 
solution of implicit equations show that there is precisely one such point of 
intersection. 

At least then, if there are no ovals of zero velocity, the number of points 
of intersection of the orbit with itself does not vary with yu. 

In case such ovals are present we need to prove further that no change in 
the number of intersections can take place in the vicinity of these ovals. The 
above argument becomes unavailable because a point y = 0 yields a singular 
point of the differential equation of normal displacement. We shall speak 
of such an oval 2p as a fixed curve (Fig. 8); a preliminary conformal trans- 


8. 


formation of the xy-plane, dependent on yw of course, may be employed to 
take such an oval into a fixed position. 

Suppose that for u = yu the periodic orbit under observation passes through 
a point of an oval of this sort. 

The coédrdinates zy of an orbit which at ¢ = 0 gives a point on this oval 
admit an expansion of the form 


A’ 

= 
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in even powers of t. The fact that only even powers of ¢ appear is an im- 
mediate consequence of the invariance of the equations of motion with a re- 
versal of the order of time and of a similar invariance of the initial conditions, 


z= z’ = 0, = Yo; =0 (t=0). 


Moreover a substitution of these series in the differential equations yields 
Xe = Vz, Y¥2 = Yy- Now yz and vy, are not both zero since the ovals of zero 
velocity are without double points. Hence the orbit is normal to the oval 
of zero velocity and approaches and recedes from the oval along one and 
the same analytic curve. 

The family T' of orthogonal orbits (see figure) will therefore form a field in 
the vicinity of the oval, one and only one of these orbits passing through 
each nearby point.* 

Consider now any orbit which does not coincide with one of these orthog- 
onal orbits, but which, nevertheless, approaches near to the oval of zero 
velocity. Since the orbit is nowhere tangent to the curves of the field, it cuts 
them all in one and the same sense, and does not intersect itself. Moreover, 
since the equations of motion (1’) in the case \ = 0 may be regarded as the 
equations of motion of a particle (2, y) subject to a force with x and y com- 
ponents y, and y, respectively, i. e., directed toward the inner normal of 
the oval y = 0, the particle will approach and then recede from the oval, 
but will not remain in its immediate vicinity. Hence the orbit forms a species 
of open “loop” (see curve APB of figure) facing the inner normal of the 
oval. 

Unless a second branch of the orbit happens to approach the same point 
of the oval for » = uw, these facts show that no points of intersection are 
introduced near the oval of zero velocity. 

In the excluded case, namely that in which the orbit consists of a segment 
described twice in opposite senses, no such points of intersection can appear 
near the oval, so that the italicized statement holds here too. 

The possibility that there are two branches of the orbit which approach 
one and the same point of the oval of zero velocity is to be lookea upon as a 
combination of the two cases already disposed of. 

Let us consider this case briefly. Construct a family 2 of curyes cutting 
the orbits [ orthogonally; the oval of zero velocity LY» is one such curve. 
Suppose that the first of two nearly coincident loops cuts a curve >, of this 
family in A and B while the second cuts in A’ and B’. We may assume that 
AB and A’B’ are similarly directed segments of this curve (see Fig. 8). 

When uz is sufficiently near to u(u < uw) the four points A, B, A’, B’ will 
continue to have one and the same relative order provided the auxiliary 


* See, Bolza, Variationsrechnung, pp. 100-102. 
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curve Lo is properly chosen. Here there will be six functions 7; (t) to con- 
sider since there are four branches approaching coincidence, and it will be 
necessary to avoid the zeros of these functions on the periodic orbit for u = yu. 

Since the lengths AA’ and BB’ deal with the displacements of two corre- 
sponding branches of the orbits AB and A’B’ these lengths will be infinitesi- 
mals of the first order in uw — uw. Since AB’ and BA’ deal with the displace- 
ments of corresponding branches of the orbits AB and B’A’, these lengths 
will also be of the first order. Hence the cross ratio of the lengths 
AA’ - BB’/AB’ - BA’ approaches a definite limit, different from zero, as pu 
approaches nj. This shows that the pairs of points AB and A’B’ either sepa- 
rate each other for all nearby values of uv, or fail to separate each other for 
all such values. If they fail to separate each other and if either segment as 
A’B’ lies within the other for un < pw, then one segment will include the other 
for » > palso. For AA’ and B’B are of the same order, and their sum is 
less than AB for up < uw, and AA’ and B’B have the same sign. Hence for 
uw > peach of the lengths AA’ and B’B has the same sign and is less than 
AB. This implies either that AB includes A’B’ or that A’B’ includes AB. 
Likewise if either segment lies within the other for » > uw, the same will be 
_true for < yp. 

Hence, if it can be proved that the orbital ares AB and A’B’ intersect 
twice, or once, or not at all according as the segment AB (or A’B’) is included 
within A’B’ (or AB), or as these segments partially overlap on 2, or as they 
are external to each other, it will follow at once that there are the same number 
of points of intersection of the two branches for » < u and foru >pu. We 
will prove that this relation between the points of intersection of two nearby 
loops holds in reversible problems of the type under consideration. 

In the first place if AB and A’B’ are external to one another, the corre- 
sponding orbital loops lie wholly between the curves T through A, B and 
A’, B’ respectively so that the loops cannot intersect. This case is thus 
disposed of. 

The other cases appear to require a further consideration of the orbits near 
the oval of zero velocity. Let us call the unique point of such an orbit at 
which it is tangent to a curve = the vertex of the orbit, and let us call the curve 
through that vertex the azis of the curve. 

Consider.that orbit defined by the equations (1’) alone which is tangent to 
a curve > at a point P’ with a velocity v. Let x, y be the coérdinates of the 
point of tangency. This tangent orbit will cut 2» in two points A’ and B’. 
Let uw; and uz be the distances of A’ and B’ respectively along =, measured 
from the axis T through P’. The codrdinates wu; and ue are evidently analytic 
functions of x, y, v which reduce to zero when (2, y) lies on the oval of zero 
velocity with v zero. 


262 G. D. BIRKHOFF [April 


In order that these tangent orbits may also satisfy (4’) it is only necessary 
that the velocity » equals ¥2y. Thus for the solutions of (1’), (4’) whose 
vertex lies at (x, y) we find 


u=f(a,y, By), uw =f(r,y, — yr), 


where f is analytic in its three arguments. The same function gives w; and up. 

We wish to consider the variation of u; and we as the vertex P’ moves along 
a curve > from a fixed point P. To this end let us make a conformal trans- 
formation which throws the curve I on which P lies, into a new z-axis in such 
manner as to preserve arc lengths along the curve I (see figure). The re- 
sulting function f then involves a parameter depending on the curve I selected. 
Inasmuch as the curves = are orthogonal to this new z-axis the variations of 
u; and wu are respectively given by du;/dy and du2/dy. Let us compute these 
quantities. 

Suppose first that the vertex varies along the oval of zero velocity, in which 
case we have v = 0. Here we find at once 


Ou;/Oy = Ou2/dy = fy (x,y, 0). 


It is clear that f, is positive along the oval since the curves [' into which the 
orbits degenerate form a field. 

Next suppose that the vertex varies along some other curve = within the 
oval. Here we find 


Ou, 


y, By) + By) 


Yu 

with a like formula for du./dy. Now along the z-axis, which represents an 
orbit, we have y, = 0 by the second equation (1’) in this reversible case. 
Thus, in spite of the fact that y is a small quantity, we have the same ex- 
pressions for 0u;/dy, Ou2/dy as before. 

It follows that, as a vertex P’ moves along any curve 2, the points A’ 
and B’ move along 2, in the same sense with a relative velocity which is a 
continuous function of the position of the vertex. 

Consider orbits AB and A’B’, and assume that the vertices of both orbits 
are very near to the oval of zero velocity in comparison with the distance of 
the curve 2; from that oval 2». We will further assume that the vertex P 
of AB lies on a curve 2 which is nearer the oval than the curve = through 
the vertex P’ of A’B’. This is clearly legitimate unless the two vertices lie 
on the same curve 2, a possibility which will be considered later. 

If the vertex of A’B’ is moved far enough along the curve = on which it 
lies, A’B’ will evidently lie outside of AB and the two loop orbits AB and 
A’B’ will not intersect at all. From such a position let the vertex move back 
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along the same curve 2. According to what has been proved, the points 
A’, B’ will move in the same sense, and the orbit A’B’ will commence to inter- 
sect the orbit AB as soon as B’ has passed A’. This intersection will be on 
the A side of the vertex of AB and cannot leave that side until A’ has also 
passed A; it should be observed that this point of intersection cannot pass 
the vertex of AB precisely because this vertex lies on a curve = nearer the 
oval than any part of the orbit A’B’. Likewise when B’ passes B there is a 
single point of intersection introduced on the B side of the vertex of AB, 
which cannot disappear until A’ has also passed B. 

It is not conceivable that after A’ passes A there are still points of 
intersection on the A side of the vertex of AB, for such points could not 
disappear thereafter and yet are not present when A’B’ has moved to the 
other side of AB. Likewise there are no points of intersection on the B side 
of AB after A’ has passed B. 

Thus there are two possibilities for the orbits AB and A’B’ when the vertex 
of A’B’ lies in its initial position and the segments AB and A’B’ have a part 
in common: either A’ or B’ lies without AB, in which case there is just one 
intersection; or A’B’ includes AB, in which case there are two points of inter- 
section. This is in agreement with our statement. 

If the vertices of the orbits AB and A’B’ lie on the same curve 2, a slight 
displacement of the orbit A’B’ will move its vertex to lie on a different curve 
> without altering the relative position of the segments AB and A’B’ on 2, 
and without altering the number of intersections of the two orbits. Hence 
our statement is true in this case also. 

Thus the number of intersections of the given analytically varying periodic 
orbit with itself is unchanged even when there are two or more branches of 
the orbit which pass simultaneously through a point of the oval of zero velocity. 
Thus our italicized statement is proved. 

We are now prepared to prove the following fact: 

If the characteristic surface in a reversible problem is closed or bounded by a 
finite number of ovals of zero velocity without multiple points, and if, further, 
every orbit is cut by nearby orbits in its immediate vicinity at least once in any 
interval of time 0, then the period of a periodic orbit can not become infinite with 
variation of a parameter pw. 

Let us suppose that the statement is not true and that the period of some 
periodic orbit does become infinite as u approaches a value yp. 

At the same time the length of the orbit must become infinite. For to a 
short interval ¢ of time corresponds a minimum positive length of orbit. 
Otherwise by a limiting process we arrive at a point orbit, so that we have 
Y = Yz = Yy = 0 at a point, contrary to the hypothesis that there are no 
multiple points on an oval of zero velocity. 
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It is possible to go further and assert that the arc length of the part of the 
orbit outside of a small enough neighborhood of the ovals of zero velocity 
becomes infinite. Here we recall the loop form of orbits in the neighborhood 
of such ovals. This form shows that, if a neighborhood of these ovals be taken 
small enough, more of any part of an orbit corresponding to a fixed small 
interval of time will lie outside of that neighborhood than within it. 

Hence we may select a point of the characteristic surface, lying outside of a 
fixed neighborhood of the ovals, near which there is a large are length of the 
orbit. But the orbits are approximately rectilinear. Hence it is apparent 
that there is a direction at the point which is approximately that of arbitrarily 
many branches of the periodic orbit near-the point. All of the nearby orbits 
must have approximately this direction since the number of intersections is 
fixed. However, by the assumed property of neighboring orbits each pair of 
these approximately parallel branches will intersect at least once in every 
interval @, so that there will be a large number of intersections even in this 
case. Thus we are led to a contradiction, and infer that the period of no 
periodic orbit can become infinite with variation of yu. 

As a simple application we may consider the variation of a closed geodesic 
without double points on a convex surface. In the case of an ellipsoid there 
exist three such closed geodesics given by its intersections with the three 
principal planes. Moreover nearby geodesics intersect within a fixed interval 
6 on a convex surface. 

Consequently, if the ellipsoid be varied analytically into a second convex 
surface through a series of convex surfaces, there will always exist at least one 
closed geodesic without double points on the resulting convex surface. Ad- 
mitting then that it is possible to pass from any one convex surface to any 
other in this way, it appears that there exists at least one closed geodesic with- 
out double points on any convex surface, for such orbits arise or disappear 
in pairs. 

This case was precisely the case treated by Poincaré (loc. cit.), who also 
employed the method of analytic continuation. He did not explicitly men- 
tion the possibility that the length of the varying geodesic becomes infinite. 
It is precisely this possibility which has engaged our attention. 

It is interesting to observe that only the possibility that a period becomes 
infinite keeps us from inferring that there is a closed geodesic without multiple 
points on every surface. 

The minimax method has enabled us to infer that there exists a closed 
geodesic with ¢ > 7 on every surface of genus 0. But it has not been estab- 
lished that such an orbit exists without multiple points. 

21. Method of analytic continuation. Irreversible case. It has appeared 
earlier in the paper that the irreversible case presents much greater difficulties 
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than the reversible case. To legitimize the use of the method of analytic 
continuation for unrestricted variation of the parameter, I have been forced 
to make still more stringent hypotheses. Our first result will be the following: 

In an irreversible problem with characteristic surface of genus 0, throughout 
which we have 


A>O0, [log y]zz + [log y]yy > 0, 


the period of a periodic orbit without double points can not become infinite with 
variation of a parameter p. 

Before passing to the demonstration we note that the characteristic surface 
may be conceived of as a convex surface, for when isothermal codrdinates 
x, y are employed, the condition for positive curvature is precisely the last 
condition on y imposed above.* We shall regard the characteristic surface 
as a convex surface. The restriction y > 0 shows that no ovals of zero 
velocity are present. 

A: vital difference between the reversible case and the irreversible case is 
that in the latter case the number of intersections of the orbit with itself may 
vary. Let us consider briefly this possibility. 

If the varying periodic orbit touches itself with two coincident directions 
for any value of u we infer at once just as we did in the preceding paragraph 
that the number of intersections of the orbit with itself will not change as p 
varies through this particular value. 

If the orbit touches itself with opposite directions at the point of tangency 
the two branches have only first order contact at the point on account of the 
fact that d is positive. In fact it has been observed earlier (§ 11) that in this 
case the curvature of the two branches differ and that each branch appears 
on the right of the other. 

As uw passes through a value for which there is such a contact, the number 
of intersections of the orbit with itself may increase or diminish by two. 
Consequently the number of intersections may vary as p changes. 

Let us now give a proof of the italicized statement, and let us at first restrict 
attention to the case in which for the initial value po of u the periodic orbit T 
is without double points. In this case we will call the simply connected 
region C which lies to the left of T' the interior of T’. 

If g stands for the geodesic curvature of I at any point of the characteristic 
surface, and p stands for the total curvature at any point of C, we have the 
well known formula 


(25) or = foot 


*See Darboux, Lecons sur la théorie des surfaces, vol. 2, second edition (Paris, 1915), pp. 
385-387. 
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where ds and dw are the element of arc along I’ and the element of area of C 
respectively. 

Now suppose » to vary. At the same time I and the interior continuum 
vary, and as long as the curve I’ does not touch itself, the above formula 
holds without any modification of meaning. 

From this fact it can be inferred at once that if I does not touch itself 
the period of I will not become infinite. We will base this conclusion on the 
obvious inequality 


(26) S gds < 2m. 


We recall that in the associated reversible problem (A = 0) for which vy 
is the same, the orbits may be interpreted as geodesics. 

In the zy-plane, however, the curvature of the orbits in the given irre- 
versible problem will exceed the curvature of the tangent orbit for the re- 
versible problem by precisely \/ V2y (see (20)). Hence we will have uni- 
formly g > d > 0 throughout the characteristic surface. Thus if L is’ the 
length of the periodic orbit, (26) gives us L < 2x/d. Since L is limited the 
period is also limited. 

We need then only consider the case in which as yw varies the orbit T 
touches itself. However, on account of the fact that two oppositely tangent 
orbits lie to the right of each other, I will necessarily touch itself on the outer 
side first. 

Conceive of C as beginning to overlap itself as u increases beyond such a 
point. We may represent C as a membrane so that in the overlapping por- 
tion we have two layers of the membrane. With this convention, formula 
(25) will continue to hold no matter how many outer contacts are introduced, 
inasmuch as contacts of I will continue to appear as outer contacts of the 
membrane with itself. Consequently the integral {fdw/p taken over the 
membrane remains positive. 

Our earlier argument may now be applied to show that the period of T 
cannot become infinite with variation of yp. . 

The above result admits of the following simple generalization: 

If the same restrictions on the dynamical problem are imposed as before and if 
a periodic orbit may be regarded as the complete positively taken boundary of a 
simply connected piece of a Riemann surface lying in the characteristic surface, 
the period cannot become infinite with variation of a parameter yp. 

As long as such a Riemann surface exists the formula (25) holds, provided 
we regard the interior of the piece bounded by the orbit as the region over 
which the area integration is to be performed. This area integral is obvi- 
ously positive so that we obtain the inequality (26) as before, and infer that 
the period is less than a definite positive quantity. 
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Thus we need merely to show that continuous variation of a piece of a 
Riemann surface of this type continues to be possible with the variation of yu. 

As in the earlier case, no difficulty in making such a variation arises from 
the possibility of an inner contact of the boundary with itself, although outer 
contacts may necessitate the introduction of new overlapping regions. The 
Riemann surface may therefore be left unmodified until the boundary begins 
to approach a branchpoint in the same sheet of the surface. But nearby 
parts of the boundary cannot nearly surround the branch point since then 
there would an inner point of contact. Hence we may modify the branch- 
point to lie away from the boundary, say along the inner normal. 

Since the period of the orbit remains finite as long as such variation is 
possible, we conclude that the variation of the Riemann surface may be con- 
tinued indefinitely by an appropriate modification of the internal branchpoints. 
This establishes our statement. 

A figure-of-eight orbit constitutes the next simplest type of periodic orbit 
after those without any double point. Such a figure-of-eight orbit may 
always be thought of as forming the complete boundary of a simply con- 
nected part of a Riemann surface of two sheets with two branchpoints taken 
suitably. In fact we may deform the orbit into two nearly coincident curves 
on the characteristic surface encircling the included region twice in a positive 
sence. The single branchpoint of the piece of the Riemann surface lies in 
this included region. 

However, orbits with two double points may not have this property, and I 
believe that in such cases the period may actually become infinite. 

We state one more result of the same sort which applies for characteristic 
surfaces of any genus: 

If \ is sufficiently large and positive in an irreversible problem with a closed 
characteristic surface of any genus, and if y is positive, the period of a periodic 
orbit without double points cannot become infinite with variation of a parameter p. 

By the curvature formula (20) it follows that such an orbit will necessarily 
have large positive curvature throughout. Considerations of analysis situs 
render it apparent therefore that the orbit forms a small convex oval on the 
characteristic surface. In fact if the orbit joined two points at some con- 
siderable distance apart on that surface it appears that the orbit would inter- 
sect itself; this is evident if the region in question is mapped upon a plane. 
Hence the total orbit lies in a small part of the characteristic surface and 
forms a convex oval as stated. 

As yu varies such an oval cannot change its form since the curvature remains 
large and positive. Thus the period will remain finite. 

All of the above results will undoubtedly admit of great extension. In 
particular it may be noted that the introduction of concave boundaries will 
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be possible under certain conditions inasmuch as a varying periodic orbit 
cannot become internally tangent to such a boundary. 


Part III. REDUCTION OF THE DYNAMICAL PROBLEM TO A SURFACE 
TRANSFORMATION 


22. The manifold of states of motion. The equations of motion (1’) may 
be replaced by the equivalent differential system 
We now consider the variables x’ = dx/dt, y’ = dy/dt as well as x, y to be 
dependent variables. The relation (4’) may be written 


(28) +y") —y=0. 


In conformity with methods long employed in dynamics we will interpret 
x, y, x,-y’ as the rectangular coérdinates of a point in four-dimensional 
space. For obvious reasons a set of values 2, y, 2’, y’ will be called a state 
of motion. Thus we have a three-dimensional manifold (28) representing 
possible states of motion and lying within this four-dimensional space. 

Evidently the equations (27) represent a steady fluid motion of this four- 
dimensional space which carries the manifold (28) into itself. The totality 
of orbits in the dynamical problems of the type (1’), (4) may therefore be 
thought of as represented by the stream lines of a three-dimensional fluid 
in steady motion. It has been noted (§ 6) that the fluid motion when repre- 
sented in xy@-space is incompressible. In the original ryx’y’-space the volume 
integral /f drdyd@ is invariant when taken over any part of the fluid. 

It is to be observed that the manifold (28) is an everywhere analytic mani- 
fold, at least if we agree to bar out the possibility that there exist double 
points on an oval of zero velocity. In fact only in this case can the four 
partial derivatives of the left-hand side of (28) vanish at a point of the manifold. 

The variables x, y, @ cannot be used along the ovals of zero velocity, since 
the angular variable ¢, which indicates direction of motion, becomes in- 
determinate there. 

The connectivity of the manifold of states of motion is completely deter- 
mined by the genus of the characteristic surface and the number of ovals of 
zero velocity. We shall not elaborate this relation. 

23. Surfaces of section. A periodic orbit is represented by a closed stream 
line in the manifold of states of motion. If an analytic surface in this mani- 
fold is bounded by this stream line in such a way that nearby stream lines 
cut it throughout in one and the same sense, at an angle of the first order in 
the distance from the stream line, the surface will be said to be regularly bounded 
by the closed stream line. 


dt. 
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A surface of section will be defined to be an analytic surface (or a surface 
made up of analytic pieces) regularly bounded by a finite number of closed 
stream lines, cut throughout in the same sense by the stream lines and at 
least once by every stream line in a fixed internal 6 of time. 

The notion of a surface of section for certain types of dynamical problems 
with two degrees of freedom is due to Poincaré (loc. cit.). In the case which 
he considered, the dynamical problem differed slightly from an integrable 
case, and the surface of section was a ring. In what follows we shall show 
that, if the notion be extended as above to surfaces of any genus and any 
number of boundaries, the surface of section is a very general phenomenon. 

We propose now to illustrate the existence of such surfaces by two simple 
dynamical problems: 

Example I. A particle P moves in a fixed plane subject to a conservative 
field of force which has everywhere a positive component towards a fixed straight 
line. 

Let the fixed straight line be chosen as the z-axis, and a perpendicular line 
as the y-axis. In this reversible problem (A = 0) we have y, of opposite 
sign to y and vanishing with y. It will be assumed that the additive constant 
in the potential function y has been chosen so that the particle is confined 
to lie within an oval of zero velocity containing a single segment AB of the 
z-axis. It will also be assumed that y,, is not zero along the axis. 

Under these restrictions we shall show that the surface y’ = 0, y 20 in 
the manifold (28) is a surface of section. 

Firstly, the surface is analytic in that manifold. The equations of this 
surface may be written 2’ = V2y, y’ = 0 with parameters x, y, except when 
we have y = 0. But when we have y = 0, not both yz and yy, are zero 
(since double points on an oval of zero velocity were excluded). Hence we 
may take either x, y’ or x’, y as parameters in this case. 

Along the 2-axis the normal component of force y, vanishes. Hence this 
segment is the trace of a periodic orbit formed by the backward and forward 
motion of a particle along AB. Thus the boundary line y’ = y = 0 of the 
surface forms a closed stream line in the manifold of states of motion. 

In order to show that the surface is regularly bounded by this stream line 
it must be established that the stream lines cut the surface y’ = 0 in one 
sense and at an angle which is of the same order as the distance of the point 
of intersection from the closed boundary stream line. 

Excepting at points of the manifold of states of motion which correspond 
to a state of motion with velocity zero, proper coérdinates for that manifold 


are the variables y, = arctan y’/z’. Ifz, y, be regarded as the rect- 


angular coérdinates of a point in ordinary space, the closed stream line y = y’ 
= 0 will be represented by the straight lines y = 0,¢@ = Oorza. The surface 
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y’ = 0, y > O appears as one of the half planes ¢ = 0 or tr, y > 0. The 
angle which the stream line through a point of one of these half planes makes 
with that plane will be of the same order as the distance from the boundary 
line if and only if ¢’ is of the same order as y. But ¢’ reduces to + y,/ v2y 
if ¢ = 0, m by (19). Since y,, is not zero along the z-axis, the angle is of 
the same order as y. At this point we observe also that all the stream lines 
must cut the given surface y’ = 0, y > 0 in a definite sense save possibly 
along the points which correspond to a position of the particle on the oval of 
zero velocity; for ¢’ is of one sign throughout. 

To complete our proof that the given surface is regularly bounded by its 
boundary stream line we need to consider the two points on the boundary 
which correspond to a position of the particle at A or B. Now at these points 
yz is different from zero although y, vanishes. We may take y, 2’, y’ as 
parameters and write the equations of the manifold (28) in the form 


a= F(y,2”+y") 


where F is analytic in its two arguments. If y, x’, y’ be thought of as rect- 
angular coérdinates, the surface y’ = 0 appears as a codrdinate plane. The 
line y = y’ = O appears as the 2’-axis in that plane. The distance from a 
point of that plane to the line is y. The angle which a stream line through a 
point of the plane makes with the plane will clearly be of the same order as 
the distance y if dy’/dt or y”’ is of the same order as y. But the equations of 
motion give y”’ = y,, a quantity of the order of y. 

Incidentally the above argument shows that the angle between the surface 
y’ = 0 and a stream line through any point of it corresponding to a position 
of the particle on the oval of zero velocity is not zero as long as yz is not zero. 
But at such a point we may use x, x’, y’ as parameters and proceed as before. 

Our conclusion is that the surface y’ = 0, y > 0 is regularly bounded. by 
the closed stream line y = y’ = 0 and is cut in one and the same sense by the 
stream lines throughout its extent. 

We observe finally that, since there is always a component of force towards 
the z-axis of the order of y, every orbit will cut that axis in every interval 6/2 
of time (@ being taken sufficiently large). 

Every such orbit will have a direction parallel to that axis once and only 
once between two such points of crossing. It follows that the surface y’ = 0, 
y > 0 will be cut by every stream line, at least once in a fixed interval 6 of 
time. 

Hence all of the requirements for a surface of section are satisfied by the 
surface y’ = 0,y >0. 

To each point within the part y > 0 of the oval of zero velocity there cor- 
respond two points of the surface of section. At one of these 2’ is positive 
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and at the other negative. For points of the oval these two corresponding 
points of the surface of section merge. Our complete conclusion is therefore 
the following: 

A surface of section in Example I is y’ = 0,y 20. This surface is simply 
connected and has one boundary stream line. 

If the attracting force were due to a number of particles, situated on the 
z-axis and attracting according to the Newtonian Law, the surface y’ = 0, 
y = 0 would still represent a surface of section, of genus zero. This surface 
would have, however, one more boundary than there were particles. 

A thoroughgoing discussion. of this case involves the use of a regularizing 
transformation of the variables z, y, and is not made here. 

The following example is designed to show that surfaces of section are 
present in irreversible problems also, and need not be of genus zero. 

ExampLe II. An electrified particle moves in the xy-plane subject to a doubly 
periodic field of normal magnetic force of constant sign.* 

In this problem we have \ constant and y doubly periodic and of one sign. 
We will consider two states of motion to be the same, which correspond to 
the particle at congruent points of the network of periods and with the same 
direction of motion. __ 

The intrinsic equation for the curvature of the orbits as given by (20) 
becomes K = +27. 

Since y is nowhere zero a suitable set of parameters in (28) is given by zx, 
y, @ = are tan y’/x’. The surface y’ = 0, 2’ > 0 in the manifold of states 
of motion becomes ¢ = 0 in these parameters, and, under our hypothesis 
as to congruent points, is clearly a closed analytic surface of genus 1. 

Every stream line cuts this surface in one and the same sense, for we have 
¢’ > 0. Also since the curvature exceeds a definite positive constant in 
absolute value, every orbit will pass through a state of motion ¢ = 0 within 
a fixed interval of time @. 

A surface of section in Example II is y’ =0, x >0. This surface is 
doubly connected and without boundaries. 

It is interesting to observe that in both of the examples given above, the 
treatment of the surface of section is based on a differential inequality. This 
is most obvious in the second case where the inequality is ¢’ > 0. 

This phenomenon is an entirely general one. 

24. Lemma on regular boundaries. The difficulties in proving the existence 
of surfaces of section may be considerably diminished by the use of two pre- 
liminary lemmas given in the present and immediately following paragraph. 

Lemna I. [f a strip S, made up of a finite number of analytic pieces, is 


*It was observed in §7 that an electrical problem of this description leads to an irre- 
versible dynamical problem of the type treated in the present paper. 
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bounded on one side by a closed stream line, and if S is cut in the same sense 
throughout by the nearby stream lines, once at least in every interval of time 6, 
then there exists a similar strip S’ with the same boundaries as S and regularly 
bounded by the given closed stream line. 

Suppose that the given closed stream line and its neighborhood is deformed 
analytically into a space with rectangular coérdinates uw, v, w in such wise 
that this stream line goes into the w-axis. We assume that w is an angular 
variable of period 27, and that the part of the w-axis between w = 0 and 
w = 27 corresponds to the stream line taken once. 

The part of S (as represented in this auxiliary space) near the w-axis will 
either not wind about this axis as w increases by 27 or it will do so a certain 
number k of times. In the latter case the further change of variables 


u=u' coskw — v’ sin kw, v =u’ sin kw + cos kw, w= w' 
will lead to a similar w’v’w’ space in which S will not wind about the w-axis. 
Thus we are at liberty to assume that S does not wind about the w-axis as w 
increases by 27. 

Our hypothesis concerning S necessitates now that every nearby stream line 
winds around the w-axis at least once when ¢ increases by a sufficient amount. 
Let us assume this winding is in a positive sense. Consider the plane w = 0 
and any parallel plane w =d. A stream line from a point P of the first 
plane intersects the second plane in a unique point Q, at least if we consider 
stream lines near the w-axis only. Thus we define a one-to-one analytic 
transformation from one plane to the other. In particular the trace of the 
w-axis in the second plane is derived from the trace of that axis in the first 
plane. The directions through this trace in the one plane are transformed 
projectively into the corresponding directions in the other plane. 

When d increases from 0 to 27 each one of these directions has been rotated 
through a perfectly definite angle. I assert that the total rotation of every 
direction will exceed a definite positive quantity in numerical magnitude. 
To establish this fact we observe that if the projective transformation of 
directions leaves two directions invariant, the total rotation must include a 
positive rotation through a multiple of 27; otherwise every stream line near 
the w-axis would not wind about that axis in a fixed interval of time. The 
same thing is true if there is one invariant direction or if every direction is 
invariant. On the other hand if there is no invariant direction the trans- 
formation of directions is projectively equivalent to a rotation. In any case 
then the angle of rotation will exceed a definite positive quantity. It should 
be borne in mind that the projective transformation is direct. 

Now imagine a line through the w-axis in the plane w = d to rotate about 
that axis at a lesser rate (with respect to change of w) than the instantaneously 
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coincident direction in the moving plane w = d. This moving line generates 
a ruled surface which evidently cuts nearby stream lines in one and the same 
sense. Assume the difference in rates is constant. When this constant 
difference is small the new moving line almost coincides with one of the former 
lines, and its total rotation as d increases from 0 to 27 is positive. But it is 
evident that, as this constant increases, there must come an instant when 
the total rotation is zero. At this instant the new moving line will generate 
an analytic surface which represents a closed strip S,; in the space of the mani- 
folds of states of motion regularly bounded by the closed stream line which 
is the boundary of S. Furthermore this strip S; will wind around the stream 
line precisely as often as S. 

Our next step will be so to deform S that it will coincide with S; near the 
boundary closed stream line and will not be modified near its other boundary. 

Consider any point of S,, say P, and prolong the stream line which passes 
through P until it meets S in Q. The representation in the wew-space to- 
gether with the fact that the two surfaces are cut in one and the same sense 
by nearby stream lines shows that the point P will vary continuously with Q 
(save possibly along the w-axis). Thus there will be set up a one-to-one con- 
tinuous correspondence between the points P of S; and the points Q of a 
part of S. 

Now the distance from P to Q along the stream line PQ will vary continu- 
ously with the position of P, and indeed analytically, unless Q happens to 
lie on one of the edges of S. 

Let 6(w) be a function of w defined as follows: 


6(w) =0 if w<p, =(w-—p)/(6é—p) if p=wsi, 
6(w) =1 if 


Modify each point Q of S back toward P in such wise as to diminish the 
distance from P to Q along the stream line in the ratio 8(w) to 1, where w 
stands for the distance from P to the nearest point of the closed stream 
line. 

Thus a new strip S’ is obtained which will have the desired properties, 
First, it is regularly bounded by the closed stream line since it coincides with S, 
in its neighborhood (@ = 0). Secondly, S’ will coincide with S near its other 
boundary (6 = 1). Thirdly, inasmuch as S’ is obtained by three analytic 
deformations of parts of S the surface S’ is made up of a finite number of 
analytic pieces. Lastly, the strip S’ is cut in the same sense throughout 
by the stream lines at least once in a fixed interval @ since the deformation 
from S to S’ merely moved each point P along the stream line on which it 
lies by a certain finite distance. 
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25. Lemma on surfaces of section. Our second lemma is the following: 

Lemma II. Let a surface 2, without multiple points and cut by every stream 
line, be made up of a finite number of analytic pieces regularly bounded by a 
finite number of closed stream lines. If the points of = may be imbedded within 
a set of arcs AB of stream lines forming a three-dimensional continuum in such 
fashion that each are AB cuts = precisely once more positively than negatively, 
there will exist a surface of section Y’ with the same bounding stream lines as >. 

In fact, let an are AB cut = in the successive points P;, P2, ---, P, where 
n is an odd integer. Let the corresponding times be denoted by (1, t2, ---, th 
respectively. The times may be reckoned from an arbitrary point Q of AB. 
Let P denote the point of AB with time coérdinate 


t=t, — + — +t. 


The point P will necessarily fall within AB since ¢ evidently lies between 
t, and t,, and does not depend on the choice of Q. 

It is clear that P varies continuously with AB unless some of the points P; 
approach coincidence and disappear, or new points arise. 

But these points will disappear in pairs, or arise in pairs, and at the same 
instant the corresponding set of terms of ¢ will become equal in numerical 
value and will cancel each other in pairs. Consequently the variation of P 
with AB is continuous throughout. 

Near the boundaries of = all of the stream lines cut in one and the same 
sense. Hence there is only a single point P; of 2 on AB when AB lies near a 
bounding closed stream line, and P will coincide with P;. 

The point P will vary analytically with AB unless two points P; coincide 
or a point P; falls along the intersection of two of the analytic pieces which 
make up >. 

These facts show that the locus 2’ of the points P is made up of a finite 
number of analytic pieces regularly bounded by the given closed stream 
lines. It is evident that >’ is cut in the same sense throughout by the stream 
lines. 

To complete a proof that >’ is a surface of section we need only show that 
every stream line cuts 2’ in a fixed interval @ of time. If this were not the 
case it would be possible to find indefinitely long arcs of stream lines, which 
did not cut =’. An are MN of this sort cannot approach near a boundary 
stream line, since stream lines cut 2’ uniformly often near such a regular 
boundary. Likewise MN cannot contain part of an are AB save near M or NV. 
Consequently if P be the midpoint of MN, the stream line through a limiting 
position P of P (as the length of MN becomes infinite) cannot approach a 
boundary stream anywhere and it cannot contain an are AB. Hence this 
stream line will nowhere cut the given surface 2, which is contrary to hypo- 
thesis. 
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If 2’ is not made up of a single analytic piece it is possible to replace 2’ 
by a similar surface having continuity of any prescribed order. Also it is 
certain from the intuitive point of view that =’ may be taken to be a single 
analytic surface. To prove this, however, would appear to require an ex- 
tensive digression, and the fact does not enter essentially into our later dis- 
cussion. For this reason we shall speak of the surface of section as if it were 
composed of a single analytic piece. 

26. Existence of surfaces of section. A special case. In what cases will 
surfaces of section exist? 

A natural method of attack upon this question is to begin with an integrable 
dynamical problem, and pass to more general cases by the method of analytic 
continuation. This method was used by Poincaré in treating the restricted 
problem of three bodies (loc. cit.). The lemma of § 25 leads us to see that 
the existence of a surface of section with given boundary stream lines depends 
essentially on whether the totality of stream lines have a uniform tendency to 
wind about these closed stream lines in a particular way. Such a tendency 
is clearly not altered by small variation of a parameter in the dynamical 
problem. 

Our method will be entirely different. We will commence with the dis- 
cussion of a simple and particularly important case: 

If in a reversible problem p = 0 with no ovals of zero velocity, there is a peri- 
odie orbit without double points which is cut by every other orbit at least once 
in any interval 0 of time, there will exist a ring-shaped surface of section with 
two boundary stream lines corresponding to the given periodic orbit described in 
the two possible senses. 

The given periodic orbit cannot be of minimum type, for then nearby orbits 
could be found which did not intersect it during long intervals of time (see 
§ 14). Consequently it will be possible to imbed the orbit in an analytic 
family of closed curves whose curvature exceeds that of the tangent orbit 
by a quantity of the first order in the distance from the orbit. 

In fact it was seen earlier that if the orbit was taken into the s-axis in an 
sn-plane by a suitable conformal transformation, the quantity I became posi- 
tive (see § 19, (a)). Thus 6n” is negative when n is positive (én being any 
solution of the differential equation of normal displacement). Hence the 
curves n = const. form an analytic family of the stated type. 

If we use variables s, n, Y = are tan n’/s’ for rectangular coérdinates of 
the manifold of states of motion, the equation of the orbit is n=0, Y=0 or 7. 
The states of motion corresponding to tangency with the curves n = const. 
form the planes Y = 0 or r. The stream lines through any point of these 
planes are at a distance n from the boundary stream line corresponding to 
the periodic orbit. Since dy/dt is of the order of n, the set of tangent states 
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of motion to curves of the family n = const. (in either sense) are represented 
by two strips which are regularly bounded by one of the two stream lines 
corresponding to the given periodic orbit. 

Now adjoin to this analytic family of curves another family which begins 
with the last member of the first family on one side of the given periodic 
orbit and ends with a point curve. For example, if we imagine the region 
bounded by the last curve of the first family to be conformally thrown into a 
circle, the second family may be taken to be the set of curves represented by a 
set of concentric circles. 

In the manifold of states of motion the states of motion corresponding to 
tangency with a curve of the second family are represented by a surface which 
is everywhere analytic. Indeed, if we use the variables u,v, x = arc tan v’/u’ 
where wu, v are rectangular coérdinates in the plane of the concentric circles 
with origin at the center, the equation of the tangent states becomes 


u cos x’ + vsin x’ = 0 


which is analytic in u, v, x-space. 

By combining this analytic surface with the two strips obtained above we 
obtain a ring-shaped surface 2, made up of three analytic pieces, and regu- 
larly bounded by the two closed stream lines corresponding to the two senses 
of description of the periodic orbit. 

The sense in which a stream line cuts this surface is evidently determined 
by the relative curvature of the curve of the auxiliary family and of the orbit 
at the point of tangency. For imagine the curves of such a family to be 
deformed analytically into a family z = const. in a wz-plane, and that the 
variables w, z, w = are tan 2’/w’ are employed. The angle between the 
surface z’ = 0 in wzw-space and the stream line has w/w” + 2” + w? 
for its sine, and will vary its sign according to the sign of w’, which deter- 
mines the relative curvature of the auxiliarv curve z = const. and the tangent 
orbit. 

If we call the positive sense that in which the tangent orbit is externally 
tangent to a curve of the auxiliary family it is clear that the surface = is cut 
positively by the stream line near the boundary stream lines and near the 
line of 2 which corresponds to the point auxiliary curve. 

Now it is apparent that an orbital are which crosses over the region on 
the characteristic surface covered by the auxiliary curves corresponds to an 
arc AB of a stream line which crosses = once more positively than negatively. 
The number of external tangencies will exceed the number of internal tangen- 
cies by unity of course. Thus we have = imbedded in a set of arcs AB of 
stream lines which satisfy the condition imposed in the lemma of § 26. 

In virtue of our hypothesis about the given periodic orbit there will be 
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such orbital ares AB on any orbit. We infer that all of the conditions of the 
lemma are satisfied, so that a surface of section exists bounded by the two 
stream lines which correspond to the given periodic orbit set. 

Our result may easily be extended as follows: 

If there is not more than one oval of zero velocity at least on one side of the 
given periodic orbit, a surface of section of the same type as before will exist. 

Suppose that at least one oval of zero velocity is present on each side of the 
given periodic orbit. The preceding method cannot be applied on either 
side of that orbit. In this case by hypothesis there is only one oval on one 
side, and we proceed precisely as before save that the second auxiliary family 
of curves is made to end with the oval of zero velocity instead of with a point 
curve. 

We shall not attempt to give the obvious analytical work necessary to 
establish that the modified surface = will be analytic along the curve corre- 
sponding to the oval of zero velocity, and will be cut by the stream lines 
positively along this curve. 

27. Existence of surfaces of section in the reversible case. If a finite set 
of periodic orbits in a reversible problem separate the characteristic surface 
into simply connected regions, and if any orbit whatever cuts one at least 
of the set in every interval @ of time, the periodic orbits will be said to form a 
primary set. 

If in a reversible problem with no ovals of zero velocity there exists a primary 
set of periodic orbits, there will exist a surface of section with boundary stream 
lines corresponding to these orbits. 

Evidently the preceding paragraph deals with a special case. 

In no other case can there be a boundary curve of one of the regions or 
the characteristic surface which forms a single complete orbit. When a 
boundary orbit of this sort exists p cannot be greater than zero, for if p > 0 
the region on either one side or the other of this orbit is multiply connected. 
Also for the same reason there cannot exist other orbits of the primary set 
even in the case p = 0. 

Consequently in every other case there will be at least one vertex on every 
boundary curve of a region, and we will therefore assume such vertices to be 
present. 

It is easy to modify our earlier method to meet this case. 

First we construct an analytic family F, of curves corresponding to each 
side of a region (Fig. 9) so as to have a curvature which exceeds that of the 
tangent orbit at each point. To do this we may choose any function n (t) 
for which n’’ > — In in the sn-plane used above. The family of curves 
along which the ordinate in this plane is proportional to n(¢) will have the 
desired property. 
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Next we imagine an analytic transformation to be made which takes two 
arcs of boundary orbits crossing at a vertex into two perpendicular straight 
lines, say the axes in a uv-plane. The second family F2 of curves is the 
image of the set wv = const. in the wv-plane (see figure). 


Fic. 9. 


Now from either side of each vertex of a region draw an analytic are ending 
at a point O within the region, and let these analytic curves be so chosen as to 
have no double points and not to meet save at O and there at an angle not 
zero. Let us construct as much of each curve F, along each side as lies be- 
tween the analytic curves to 0 drawn from points near its ends, and as much 
of each curve F2 as lies between the nearby curves to 0. Moreover, let us 
fill each of the regions up to O with a third type of analytic family F; (see 
figure). 

It is apparent that the families 7; of curves may be made to meet along the 
curve to O at an angle less than 7 toward the interior of the region, at least 
if the curves to O begin near enough to the vertices. We may conceive of 
them as meeting in this way all along the curve to 0. 

Consider now the tangent states of motion to these curves for all the regions. 
Here we mean to include all states of motion at the point O and all states 
at a vertex formed by two curves which yield an orbit on the side of the 
vertex away from the point 0. 

The lemma of § 25 will apply to the corresponding surfaces or surfaces = 
in the manifold of states of motion. 

We note first that the states of motion along a line of vertices to a point O 
form an analytic manifold. For let us employ the variables x, y, ¢ and let 
s denote the arc length along the curve to 0. The states of motion in ques- 
tion are then given by the equations 


x=2(s), y=yl(s), ¢2(8), 


where x(s), y(s), 61(8), @2(8) are analytic ins. This evidently gives a 
piece of an analytic surface. 
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Secondly, consider the states of motion corresponding to the family F2. 
If we employ the variables u, v defined above and y = arc tan v’/u’, tangent 
states of motion to a curve uv = const. are given by 


usiny +veosy =0, 


which is analytic in wvp-space. 

The other pieces arising from F; and F; may be treated as in the preceding 
paragraph. 

Thus the surface = is made up of analytic pieces. It is clear that = is 
without multiple points, and that its boundaries are the closed stream lines 
representing the (doubly taken) periodic orbits of the primary set. 

In order to distinguish between the two sides of = we note that the vector 
at a point representing a state of motion may be directed inside of or outside 
of the auxiliary curve which passes through the same point. If the point 
falls at a vertex where two such curves meet, the vector may be directed toward 
the interior angle or the opposite angle, or lie outside of them. 

For a state of motion near to = we have a direction nearly coincident with 
that of the auxiliary curve through the point, at least if the point does not lie 
near a vertex. If the point lies near a vertex formed by two auxiliary curves 
its direction must be nearly coincident with one of the tangent directions at 
the nearby vertex. If the point lies near O any direction gives a state of 
motion near , since the direction at O of tangent directions is arbitrary. 

It is now clear that if we define the positive side of the surface = as that 
side for which the direction is outward from the auxiliary curves, and the 
negative side as that for which the direction is inward, we obtain a consistent 
definition for the part of = which corresponds to a single region. In fact, it 
is then possible to pass from any point near one side of 2 to any other nearby 
point on the same side through nearby points on that side. 

The part of 2 which arises from the neighborhood of a vertex has been seen 
to be analytic. Moreover the stream lines evidently cross = here from the 
negative to the positive side, since the tangent orbits are externally tangent 
to the auxiliarv curves. Thus the definition given is consistent throughout. 

With this definition in mind it becomes evident that all stream lines which 
cross = near one of the boundary stream lines will cross from the negative to 
the positive side. 

Now associate with each point of the surface = a segment AB of a stream 
line which corresponds to an orbital are A’B’ which extends on each side of 
the corresponding point of tangency until it reaches the boundary of the 
region on which the point of tangency lies and is of arc length as large as a 
fixed small quantity d. In this way every point of = is imbedded within a 
stream line AB which varies with the point of = , even when the corresponding 
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point of the characteristic surface passes from one region to another through a 
vertex formed by two orbits. 

It is precisely the fundamental property of primary sets of periodic orbits 
which allows one to infer that the tangent orbit will cut the sides of the 
region, so that AB remains of limited length throughout. 

The part of the orbital are A’B’ (if any) which lies outside of the region con- 
taining the point of tangency cannot itself be tangent to an auxiliary curve. 
In fact, if it does extend outside, there is a point of tangency on A’B’ within 
the region and near the boundary, by definition of AB. But stream lines 
lying near the boundary of = cut it in one and the same sense, and therefore 
not twice in a short interval of time. Interpreting this result we perceive 
that A’B’ cannot be tangent again to an auxiliary curve outside of the region. 

Thus the surface = is imbedded by the segments AB of stream lines in the 
sense required for the application of the lemma of § 25. 

Moreover a stream line AB, no matter how complicated its form may be, 
will always cut = precisely once more positively than negatively. For A’B’ 
becomes tangent to an auxiliary curve once more externally than internally 
in crossing a region of the characteristic surface. 

Also according to the lemma of § 24 we can replace the boundary strips of 
> by strips regularly bounded by the same closed stream lines. 

The modified surface = so obtained will satisfy all of the restrictions imposed 
in the lemma of § 25 provided that every stream line cuts it. We proceed 
now to complete our proof by establishing that every stream line will cut 2. 

Since the parts of surfaces = corresponding to opposite regions at a vertex 
hang together along a line, all of = corresponding to the vicinity of a vertex 
will form two pieces. Proceeding now to an adjoining vertex we are able 
to infer at once that the part of = corresponding to the abutting regions con- 
sists of at most two pieces. Continuing this process we finally conclude that 
there are at most two surfaces 2. 

The case when = consists of one surface is at once disposed of. Every 
stream line cuts 2 at least once as the corresponding orbit crosses a region. 
It is precisely the fundamental property of primary sets of periodic orbits, 
which allows us to infer this. 

There can be two surfaces = only when two of the four regions of the char- 
acteristic surface which abut upon any vertex yield one part of 2 and the 
other two yield the other part. If this were not the case all of the four regions 
would belong to one part of = and the above argument would establish that 
there is but one surface. If then = consists of two pieces it will have boundary 
stream lines corresponding to each of the primary set of periodic orbits taken 
in either sense, whereas if it consists of a single piece each such stream line is 
used twice as a boundary. 
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Our previous argument is seen to apply without substantial modification 
to this case, once it has been observed that any orbit passes from one region 
into another adjacent to it at a vertex, and thus becomes tangent to auxiliary 
curves corresponding to both parts of 2. 

An extension of these results is easily made (compare with § 26): 

If there is not more than one oval of zero velocity in any region into which the 
periodic orbits of the primary set divide the characteristic surface, a surface of 
section of the same type as before will exist. 

The connectivity of the surface of section obtained by the above construc- 
tion evidently depends merely upon the relative disposition of the points of 
intersection of the orbits of the primary set. 

28. Existence of primary sets of periodic orbits. The application of the 
results of § 27 requires the existence of primary sets of periodic orbits. We 
now proceed to establish the existence of such sets under certain conditions. 

If in a reversible problem p = 0 there is no oval of zero velocity and no periodic 
orbit of minimum type without double points, the periodic orbit of minimax type 
known to exist (§ 17) forms a primary set. 

This periodic orbit clearly divides the characteristic surface into simply 
connected pieces. 

If an orbital are can be found corresponding to long intervals of time which 
does not intersect this periodic orbit, such an are cannot approach it, for every 
nearby orbital are intersects the orbit of minimax type (o + «) at least 
once in every interval 6 of time. Consequently there will exist a limiting 
orbit which passes through a limiting position of a midpoint of one of these 
arcs with a limiting direction, and which never intersects the orbit of minimax 
type. The orbit of minimax type and this limiting orbit form the concave 
boundaries of a ring within which a periodic orbit of minimum type without 
double points can be found (see §§ 8, 9). 

On account of our assumption that no such orbits of minimum type exist, 
we conclude that every orbital arc intersects the periodic orbit of minimax 
type in an interval @ of time, so that this orbit forms a primary set. 

If a periodic orbit of this minimum type exists, any primary set of periodic 
orbits must evidently contain a periodic orbit which cuts the orbit of mini- 
mum type. In fact, nearby orbital arcs can be found which do not cut it 
for an indefinite length of time. 

Our earlier tests do not yield orbits of this kind, at least in certain cases. 

For example, a dumb-bell-shaped solid has one such orbit of minimum type 
in its equatorial plane, and two orbits of minimax type, one on each side of 
the orbit of minimum type. It is possible to infer the existence of infinitely 
many other orbits of minimax type winding around either end of the dumb- 
bell by our earlier methods. But these methods seem insufficient to secure 
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an orbit which cuts the orbit of minimum type, although this is necessary 
and must be done before a primary set can be found. 

In this particular problem any plane through the axis of the dumb-bell 
intersects it in a periodic orbit which every other orbit cuts in a fixed interval 
of time. Thus a primary set does exist in this case also. 

If in a reversible problem with p > 0 there is no oval of zero velocity, a pri- 
mary set of periodic orbits will always exist. 

To show this, let us begin by drawing a set of closed curves in the charac- 
teristic surface which divide that surface into simply connected pieces no 
matter how these curves may be deformed. The set L of orbits of minimum 
type deformable into these curves will exist (§ 9) and will divide the charac- 
teristic surface into simply connected regions. 

If every orbit cuts one of the orbits Z within any interval 6 of time we 
have before us the desired set of primary periodic orbits. 

In the contrary case there must be orbits which fail to cut any orbit of the 
set for any arbitrary length of time. An orbit of this type cannot approach 
an orbit of the set Z which is intersected by other orbits Z. For then it 
would cut these other periodic orbits of the set. Thus an orbit of this type 
can only approach an isolated periodic orbit of the set L. But there can be 
no isolated periodic orbit L for p > 0 since that would imply doubly con- 
nected regions on the characteristic surface on one side or the other of the 
isolated periodic orbit. 

Therefore we may assume that there exist orbits which lie wholly within 
some region formed by the set Z, and which do not approach its boundary. 
Such a complete orbit 0 may be obtained by constructing orbital arcs corre- 
sponding to greater and greater intervals of time and not crossing an orbit L. 
A complete orbit which passes through a limiting position of the midpoint 
of these arcs, with a limiting direction, will obviously be a complete orbit of 
the stated kind. 

Consider now any region within which a complete orbit O lies. On opposite 
sides of the region we may draw two lines in the characteristic surface so taken 
as to be deformable into one another but not to a point. The boundary 
formed by the totality of orbits 0 is a concave boundary towards the part 
of the surface in which these two lines lie (§ 8). Hence we can find two peri- 
odic orbits 0; and o2 of minimum type, one on either side of O and deform- 
able into these two lines respectively. 

These two orbits of minimum type yield an orbit 03 of minimax type de- 
formable into 0; or 02 (§ 18), such that if J = M along this orbit it will be 
possible to pass from 0; to 03 with J < M + e (e small) but not with J<M. 

At least one of the totality of periodic orbits inclusive of 0; which may 
be obtained from 03; by continuous deformation under the restriction J = M 
will intersect every orbit 0. 


1917] DYNAMICAL SYSTEMS WITH TWO DEGREES OF FREEDOM 283 


If this is not the case, we may assume 0; on one side of some such orbit 0, 
say on the side toward 0,. The orbit O cannot have 0; as a limiting orbit 
inasmuch as O would not lie wholly within the given region in that case. 

The orbit 03; divides the curves J = M deformable to 0; or 02 into two 
classes. The orbit 0; belongs to one of these classes. Consider the curves 
J < M in the other class and lying on the same side of 0 as 03. In this class 
there is a periodic orbit of minimum type 0,4, which cannot be a limit orbit of 
O of course. 

According to the principles of § 18 it will be possible to deform the curve 
04 into 02 with J = M and without approaching 03. 

We may now repeat the preceding argument using 0, in place of 0,. We 
are led to an orbit 0; of minimax type along which J = M’ = M and with 
the further property that it is possible to pass from 04 to 02 with J < M’ +e 
but not with J < M’. Ifo; does not intersect O we are again led to an orbit 0¢ 
of minimum type on the same side of O as 0;. 

This process may be indefinitely continued, and will lead to an infinite num- 
ber of orbits of minimum and minimax type which may be obtained from 0, 
or 02 by deformation under the restriction J = M. 

Hence one of the totality of periodic orbits will intersect O unless there are 
an infinite number of such orbits with J = M._ In this exceptional case there 
will be a finite number of analytic families of periodic orbits. We shall not 
attempt to consider this possibility. The methods of § 18 indicate how it is 
to be treated. 

Therefore, if we adjoin to the set L the orbits of minimum and minimax 
type with J = M for each region, the resultant set forms the desired primary 
set of periodic orbits. 

29. Reduction to a surface transformation 7’. Suppose now that a surface 
of section S exists in the particular dynamical problem at hand, which may be 
reversible or irreversible. 

Consider an arbitrary point P of that surface. If we follow along the 
stream line through P, in the sense of increasing ¢, to the first following point 
of intersection, we get a definite point @. The transformation 7 of the 
surface of section which we shall consider is that which takes each point P 
into the corresponding point Q, and we shall write Q = T(P). 

It is a self-evident consequence of the definition of S that Q varies analyti- 
cally with P, that for any point Q there is a unique point P, and that P and Q 
approach the boundary stream lines together.* 


*If the surface of section consists of more than one analytic piece, and P or Q lies on an 
edge, our statement that P varies analytically with Q will be interpreted to mean that by a 
slight deformation of the surface of section about the points P and Q the transformation may 
be given analytic form. A similar convention is needed later. We shall always speak of the 
surface of section as though it were a single analytic surface. 
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Let us prove that the transformation 7 is analytic along the boundaries of 
the surface of section also. In order to do so with the greatest possible dis- 
patch we note first that by an analytic deformation of the manifold of states 
of motion we may take the boundary stream line under consideration into a 
straight line and at the same time take the surface of section into a plane 
containing that line. 

If we take the line as the z-axis in an xyz-space, and the surface of section 
as the plane y = 0, the differential equations of the stream lines may be 
written 


dy_,, 


where we take z as the independent variable. This is permissible because 
the stream lines are nearly parallel to the z-axis. The functions F and G 
are of course analytic in their arguments. 

The general solution (x, y) of these equations which reduces to (2, yo) 
for z = z may be written 


x = f(z, 20, Yo, 20); = 9 (2, Xo, Yo: 20), 


where f and g are analytic in the indicated arguments. The stream line 
which passes through the point (29, 0, zo) of the plane y = 0 may therefore 
be written 

x =f(z,20,0, 2), = 9(2, 2%, 0,2). 


The point (21, 0, 2:) where that stream line pierces the plane y = 0 at a 
later time satisfies the pair of equations 


=f (21, 20,0, 20), 0 = g(21, 0, 2). 


The second of these equations determines z; as a function of 2» and 2. If 2 
as thus determined is analytic in 29 and 2 for x9 small and zo arbitrary, then 
by the first equation x; will also be analytic in x and z. Recalling the 
meaning of the variables z, y, z here, we see that we need only to show that 
2, is analytic in 2» and 2p. 

The function g(z,2,0,20) vanishes identically for a) = 0 since the 
z-axis is a stream line. Hence the function g contains a factor a. If this 
factor be removed, the equation g/x 9 = 0 can be solved for 2; as an analytic 
function of ao, 29 provided that the z derivative of the resulting quotient g/2 
does not vanish for x» small and z arbitrary. But the value of this derivative 
along the axis is 
(29) 0,0, 2). 


Therefore, if we can establish that this quantity is not zero for z = z, the 
transformation 7’ will be analytic along the boundaries also. 


dx 
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Now the pair of functions 
dx = f,,(2,0,0, 2), by = gz,(z, 0, 0,20), 


form a solution of the differential equations of displacement from the z-axis 
in space, 


= bx + Fy by, OY G, bx + G, by. 


This solution is obviously identified as the solution fulfilling the initial con- 
ditions 6z = 1, dy = Oforz = 2. These are obtained by differentiation of 
the initial conditions f = 29, g = 0 with respect to x». The quantity (29) is 
seen to equal dy’. 

At z = 2; we have g equal to zero so that the function dy is small near z = 2. 

Now, if G, + 0, the second of the differential equations for 6x, 6y may be 
solved for 6x and the result substituted in the first equation. In this way 
there results a linear differential equation for dy of the second order, with 
coefficient of dy’’ not zero. Hence dy changes sign in the vicinity of a point 
where |5y| is small; and dy’ is not small near such a point. The character of 
the initial conditions on dy at z = 2 is to be borne in mind. Accordingly 
our proof will be complete if it is shown that G,(0, 0,2) + 0 for any z. 

But the stream lines cut y = 0 at an angle which is of the order of x» because 
the stream lines cut the surface of section at an angle of the same order as 
the distance from the boundary stream line. The angle with y = 0 has a 
sine G/ V1 + F? + G. This is of the same order as 2 if and only if G, is 
not zero along the z-axis. 

A final property of T (noted by Poincaré, loc. cit.) which plays an im- 
portant réle in the sequel is that it possesses an invariant area integral {f pdo. 
In order to see this we consider a small surface element of S, say AS. The 
tube of stream lines erected on this element as base may be continued until 
they intersect the surface of section in a second element AS. These two 
surface elements bound the part of the tube to which we confine attention. 
The second element is obtained from the first by the transformation 7. The 
rate of flow across the two boundaries of the tube is the same, at least if we 
employ xy¢-space, since the motion is that of an incompressible fluid. This 
rate is approximately measured by the normal velocity at any point of the 
element multiplied by its area. Hence if p denotes the normal velocity the 
exact rate of flow across any element is measured by Jf pdo. 

The function p is obviously analytic save when we are considering a point 
of either end of the tube which is derived from a point of zero velocity on the 
characteristic surface, so that the variables x, y, @ fail. If, however, we 
slightly displace one or both elements so that neither involve such a point 
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we obtain a modified function p; which is analytic, and the displacement 
back to the first position will merely modify p; to p by multiplying p; by an 
analytic factor. Hence p is always analytic. Furthermore p is clearly 
positive throughout save along the boundaries where it vanishes since the 
normal velocity is zero there. 

Our results may be summed up in the following conclusion: 

The transformation T of the surface of section S is a one-to-one analytic trans- 
formation of S throughout, which possesses an invariant area integral ff pdo 
where p is everywhere analytic and is positive except along the boundary stream 
lines where p vanishes. 

In my earlier paper on the restricted problem of three bodies (loc. cit.) 
I pointed out that the problem presented by a transformation T7' is equivalent 
to that presented by the dynamical problem with which we start. The trans- 
formation 7 , however, involves essentially only one arbitrary function (since 
by a deformation of S the transformation 7 can be made to become an area- 
preserving transformation of a fixed surface), whereas even in the form (1’), 
(4’) of the equations of motion, two arbitrary functions, namely \ and y, are 
involved. We have tlien here a genuine reduction of the problem from both 
an analytic and qualitative point of view. 

In the present paper we shall only make application of the transformation 
T to the periodic orbits. Such orbits correspond to invariant points of the 
characteristic surface under the transformation T or its iterations. 


Part IV. PERIODIC ORBITS AND THE TRANSFORMATION 7’ 


30. First theorem on invariant points. We will fix attention at first upon a 
closed analytic surface S; which admits a one-to-one analytic sense-preserving 
transformation 7’ into itself that is not assumed to possess an invariant area 
integral. 

In order to state concisely our result concerning the invariant points of 
such a surface S,; under the transformation 7’, we need to make a classification 
of invariant points. Let u,v be regular coédrdinates of the surface in the neigh- 
borhood of an invariant point vu =v =0 of S. The codrdinates (u’, v’) 
of the transformed point (u,v) are then expressible in the power series of 
the form 


u’ =au+br+-:--, (ad — be > 0). 
If the roots p; and p2 of the characteristic equation 


la—p b 
c d—p 


are both different from 1, the invariant point is said to be a simple invariant 
point. Otherwise it is said to be a multiple invariant point. 
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If p; and p2 are real then both are of the same sign since their product is 
ad —be >0. A simple point for which we have 0 < pi < 1 < pe will be 
called a directly unstable invariant point. If we have p: < — 1 < po < 0, the 
invariant point will be said to be inversely unstable. All other simple invariant 
points will be called stable. 

The usefulness of these definitions lies in the fact that only in the unstable 
case do some points rapidly approach the invariant point, while others rapidly 
recede from it, with iteration of 7;.* 

By a slight modification of 7; a multiple invariant point can evidently be 
decomposed into simple invariant points, & of which are stable or inversely 
unstable, and / directly unstable, say. In this case we will agree to make the 
convention that the multiple invariant point is counted for & stable or inversely 
unstable, and / directly unstable invariant points. It is not implied here that k 
and / are necessarily the same for all modes of decomposition, although later 
work will show that the difference & — / has a value independent of the mode 
of decomposition. 

FIRST THEOREM ON INVARIANT POINTS. [If a one-to-one analytic transforma- 
tion T; of an analytic closed surface S, of genus q can be generated by a deforma- 
tion of the surface into itself, the difference between the number of directly unstable 
and other invariant points 1s 2g — 2. 

Proof. .We will proceed first upon the assumption that the deformation 7, 
is so slight that a unique short geodesic arc may be drawn from any point P 
of the surface to its image 7(P). 

If we associate with the point P the direction of this unique geodesic we 
obtain a set L of line elements, defined at every point of S; save at the invariant 
points, and varying analytically with the point P. 

Concerning such a system of line elements we have the following lemma 
essentially due to Poincaré. 

Lemma. Let a system of line elements on a closed surface of genus q have a 
certain number of points of indetermination P;, P2, ---, P,. Let the total 
rotation of the direction element when a small positive circuit of P; is made 
be 25; x (6; an integer). Then we have 26; = 2 — 2g. 

This equality is applicable to the set of line elements LZ. In order to make 
this application we shall determine what the numbers 6 are for the various 
types of invariant points. 

In the neighborhood of a simple directly unstable invariant point Po» of S; 
let us project S,; upon the tangent plane at Po, and let uw, v be rectangular 
coérdinates with origin at the invariant point in that plane. A suitable ori- 


* In this general connection see a paper by Levi-Civita, Annali di matematica, 
ser. 3, vol. 5, pp. 221-307. 
tJournal de mathématiques, ser. 4, vol. 1 (1885), pp. 203-208. 
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entation of the axes in that plane may be made which will take the trans- 
formation 7, into the normal form 


This follows at once from the well-known theory of the linear transformation. 

If the point P = (u,v) describes a small circle about the origin, say of 
radius €, in the uv-plane, the point 7,(P) = (w’, v’) will then describe a 
small approximate ellipse with center at the origin and of semi-major and 
semi-minor-axis p; € and p2€ respectively. The line from P to 7,(P) will 
make an angle with the u-axis with tangent 


and will rotate through the angle — 27 inasmuch as (p2 — 1)/(p1 — 1) isa 
negative quantity. 

But up to terms of higher order the direction of this straight line in the 
uv-plane will be that of the corresponding geodesic on S;. 

At a simple directly unstable invariant point the number 6 is — 1. 

Consider now a simple inversely unstable or stable invariant point for 
which p; and pe are real. Here either both p; and p2 are positive and less 
than 1, or both positive and greater than 1, or both are negative. The 
tangent of the angle of inclination of the line joining P to 7; (P) in the wu, v- 
plane has the same form as before for p; + p2, but (p2 — 1)/(p1 — 1) is 
now positive. We conclude that 6 is 1 in these cases. The exceptional case 
pi = p2 may be treated in a similar fashion by aid of the normal forms in this 
case, and leads to the same result. 

It may, however, happen that p; and p2 are conjugate complex quantities. 
In this case the linear transformation has the real form 


=k(ucosa —veosa) + v =k(using+vcosc), 


where wu’, v’ denote oblique coérdinates in the tangent plane and k is positive. 
If k = 1 the transformation is essentially a rotation near the origin so that 
the line from P to 7,(P) rotates through 27 when P rotates once around 
the origin in a positive sense. If k + 1 we have essentially a rotation com- 
pounded with a radial contraction or dilation. In this case also it is apparent 
that the rotation is 27. 

At a simple inversely unstable or stable invariant point the number 6 is 1. 

Thus for a small deformation and the case of simple invariant points we can 
infer the truth of the theorem immediately from the lemma. 

Moreover, the general case of multiple invariant points is a limiting case of 
simple invariant points. Since the rotation number 6 around a curve not 
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through an invariant point is not altered by a small modification of 7,, we 
infer by a limiting process that each 6 represents the difference between the 
number of inversely unstable or stable points and directly unstable points which 
coalesce. Thus, if 7 is generated by a small deformation of S;, the equality 
of the theorem holds. 

In order to extend the above proof to the case of an arbitrary analytic 
deformation it is evidently sufficient to set up a system of line elements L 
which has its points of indetermination at the invariant points of S,, and 
which is such that the geodesic direction from a point of S; near an invariant 
point to its transformed position differs from the line element direction by 
an angle which approaches zero with the distance from the invariant point. 

We shall begin by setting up such a set of line elements in the cases g = 0 
and g = 1 which present special features. 

In the case g = 0 let us map S; upon a complex plane so that the point 
at © does not correspond to an invariant point. With each point P of that 
plane we associate the straight line which joins P to 7;(P). This yields a 
set of line elements defined over the complex plane, save at the point A which 
goes into « , and at the invariant points. 

Now return to the surface S; on which we map this system of line elements. 
Thus we obtain a set of line elements L’ indeterminate at the invariant points 
and at the images of © and A. 

As a point makes a positive circuit about A in the plane its image will make 
a circuit about © in a negative sense. We recall that the transformation 7, 
is direct. Hence the number 6 associated with A is — 1. 

Likewise as a point describes a large circle in a negative sense about the 
origin (which corresponds to a small positive circuit about © on S,), the 
image will be a nearly fixed point in the finite plane. The line joining the point 
to its image will rotate in the same negative sense through an angle — 27 so 
that the 6 for is 1. 

Applying now the equality of the lemma to the system of line elements L’, 
we observe that the two numbers 6 arising from the points of indeterminateness 
A and ~ cancel. Noting further that the set L’ has the geodesic property 
demanded near invariant points, we infer that the sum of the numbers 6 for 
the invariant points of 7; measures precisely the difference between the 
number of directly unstable and inversely unstable or stable invariant points. 

Thus the theorem is valid for g = 0. 

The construction of a set LZ of line elements in the case g = 1 is still simpler. 
The characteristic surface in this case may be mapped upon a set of congruent 
rectangles in such wise that congruent points correspond to the same point of 
the characteristic surface. We will define the direction at each point as that 
given by the straight line which joins a point to its image in the plane. Since 


| 
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this direction is the same at all congruent points we get a single direction at 
each point of the characteristic surface. The points of indeterminateness will 
evidently be furnished by the invariant points of 7. 

For q > 1 a similar method may be employed. The surface S; may be 
mapped upon the plane of non-euclidean geometry in space of negative 
curvature so as to yield a network of congruent polygons which fill the entire 
plane. Corresponding to the continuous deformation 7, of the surface S; 
we have a continuous deformation of the non-euclidean plane in which each 
polygon undergoes a congruent relative deformation. If now we take a set 
of congruent directions at a set of congruent points it is clear that the straight 
line joining each of the points to its image will start from the same relative 
position and rotate through the same angle during the deformation. Hence 
if we consider the set of line elements in the non-euclidean plane which indi- 
cate the direction from a point in its initial position to that point in its final 
position, we obtain a set of line elements, one for each point of the surface S;, 
and indeterminate only at the invariant points under 7;. 

It should be observed that in these cases g > 0 the set Z may be looked upon 
as furnished by a set of geodesics joining a point to its image. 

Thus the theorem holds for g > 0 also. 

In order that 7, may be taken as the result of a deformation it is clearly 
necessary that every closed curve on S, is carried into a curve which may be 
deformed back to its first position. This is an equivalent form for the hypo- 
thesis of the theorem. 

For the application which we have in view a slight extension of the theorem 
is required: 

If S; is not closed but possesses a finite number d of analytic boundaries which 
are carried into themselves by T, in such a way as to leave no point of the boundaries 
invariant, then the difference between the number of directly unstable and other 
invariant points is 2g — d — 2. 

In order to justify this extenson we need merely to state a slight generaliza- 
tion of the lemma of Poincaré: 

Let a system of line elements on a surface of genus q with d simply con- 
nected R,, R., --+, Ra regions removed contain a certain number of points 
of indeterminateness P;, P2,---,P,. Let the total rotation of the direction 
element when a positive circuit of R; is made be denoted by 6;, and let the 
rotation of the line element when a small positive circuit of P; is made be 
denoted by 6;. Then we have 246; + D6; = 2 — 2q. 

The proof is made exactly as in the earlier case; each boundary plays the 
part of a stable invariant point. 

When this modified lemma is applied to S,, the stated extension follows 
at once. 


f 
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31. On the continuous case. It is very interesting to inquire what may be 
inferred concerning the invariant points when 7; is merely assumed to be 
one-to-one and continuous, although this case does not arise in the dynamical 
problem. 

In the continuous case there is at least one invariant point for q + 1. 

For gq = 0 this result is due to Brouwer (loc. cit.). For g + 1 it is an im- 
mediate corollary of our method which really required merely that 7, be 
analytic at the invariant points. If there were no invariant points, we should 
thus be led to a contradiction at once. 

It is interesting to note that there may be only one invariant point for 
q#l. 

In the case g = 0 this is evident since a translation of the points of the plane 
projects stereographically into a transformation with one invariant point on 
the sphere. 

We shall give an example in order to establish the truth of the statement 
forg>1. 

Consider a surface of genus g > 1 cutting both the vertical and horizontal 
planes in g + 1 ovals as in the figure (Fig. 10). In each of the four regions of 
the surface formed by these planes we may construct a set of stream lines of 
which the ovals noted are limiting stream lines and which have a determinate 
direction varying continuously with position save at the points forming the 
intersection of two of the ovals. 


Fig. 10. 


Now suppose each point to move along the stream line on which it lies by a 
distance which varies continuously on S; but tends toward zero as the point 
approaches a point of intersection of two ovals. This construction evidently 
yields a one-to-one continuous deformation 7; of S; with invariant points 
precisely the points of intersection of the ovals. 

The peculiarity of 7; which we wish to use is that all of these invariant 
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points can be joined by an are PQ (see Fig. 9) without double points which 
is made up of arcs of stream lines lying in the two planes. 

Now imagine the surface S, to be covered with a membrane so that 7; 
may be thought of as affecting a certain transformation of the points of the 
membrane in S;. Let the are PQ of stream lines through all of the invariant 
points be pinched to a point while the remainder of the membrane is con- 
tinuously deformed. The transformation 7, of the modified membrane will 
then leave only one point invariant, namely that one which corresponds to 
all of the original invariant points. I assume that the deformation of the 
membrane has been so made that the membrane does not overlap itself. 
The corresponding transformation of S,; has then the desired properties. 

In the case q = 1 there need be no invariant point. For example, a slight 
rotation of an anchor ring about its axis displaces every point. 

32. Application of the first theorem. Consider an arbitrary surface of sec- 
tion S in a dynamical problem and the associated transformation 7. The 
boundaries of S are taken into themselves by 7’, and the essential nature of 
the transformation along such a boundary depends on the rotation number. 
If the rotation number is not zero no points of the boundary can be invariant. 
We shall assume that these rotation numbers are not zero. 

We make this restriction in order to simplify the form of statement of our 
results. 

In order to apply the extended form of the first theorem to the transforma- 
tion 7 of S, we must know that 7 may be obtained by a deformation. This 
is true in all cases g = 0 of course. It is also necessary to know what types 
of periodic orbits correspond to stable and unstable invariant points. By a 
stable periodic orbit is meant one such that the solutions of the differential 
equation of normal displacement remain finite. All other periodic solutions 
will be called unstable.* 

Evidently a displacement along the stream lines of the part of S near an 
invariant point will not affect the character of that point. As before let us 
take the periodic orbit to fall along the z-axis in an zy-plane, and let us 
assume that the surface of section is formed by the set of states of motion 
x = 0, and that 0 =t=r represents the complete orbit. A suitable set 
of codrdinates is then y(0), y’(0) which we will denote by w, v respectively. 
Now if 5y;, dy: stand for the solutions of the differential equation of normal 
displacement satisfying the initial conditions 


6y:(0) = 1, (0) = 0, dy2(0) = 0, dy: (0) = 1, 


then we have (§ 14) 


* See Levi-Civita, loc. cit. 
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byi(t + 7) = abyi(t) + Ddyo(t),  Syo(t +7) = cdyi (t) + ddy2(t), 


where we have ad — be = 1. Consequently the solution wéy; + vdy2 will be 
replaced by (au + ev) dy: + (bu + dv) dy2 when x increases by S. Hence 
the transformation 7 has the form 


=but+dv+--- (ad—be=1), 


where a, b, c, d retain the same meaning. 

Hence, if the invariant point is simple (p1 + 1, p2 + 1), the corresponding 
periodic orbit is simple, since the condition for a periodic solution of the 
equation of normal displacement is that either p; or p: is 1. 

A periodic orbit for which p; and pe are positive and not equal to 1 evi- 
dently corresponds to a directly unstable invariant point. Such an orbit 
will be termed directly unstable, and will have the characteristic property that 
the multiplicative solutions of the equation of normal displacement are 
affected by real positive multipliers when a circuit of the orbit is made. In- 
versely unstable and stable orbits may be similarly defined. 

In the case when p; = pz = 1 we shall adopt the convention that the 
multiplicity of the corresponding periodic orbit is the same as that of the 
invariant point. 

If the transformation T of the surface of section S may be obtained by a con- 
tinuous deformation, and if no rotation numbers along the boundaries are zero, 
the difference between the number of directly unstable and the other periodic orbits 
is 2g — 2 — d, where q is the genus of S and d the number of boundaries. 

It is scarcely necessary to remark that the first theorem may be applied 
also to periodic orbits which correspond to points of the surface of section 
which are invariant under some definite power of 7’. 

33. An extension of the first theorem. The application of the theorem of 
§ 32 is only possible when the transformation 7 can be obtained by a con- 
tinuous deformation of S. This hypothesis is not satisfied in all cases. As a 
matter of fact it is not satisfied by the transformations 7 belonging to the 
surfaces of section given in § 27 for p > 0. 

An extension of the theorem may then be used. This will be only presented 
briefly. 

Let us call all transformations T of S, derivable from one another by a 
further continuous deformation, of the same class. 

If we vary a transformation of the class from one member 7; to another 72 
by variation of a parameter which enters analytically, the invariant points 
will appear or disappear in pairs, after the fashion of points (2, y) defined 
as the so'ution of a pair of analytic equations containing a parameter. It is 
assumed of course that the given transformations 7’; and 72 are analytic. 
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When invariant points appear or disappear, an equal number of directly 
unstable and stable or inversely unstable invariant points combine. For 
the number 6 taken around a region is fixed when such points appear or dis- 
appear within the region. Hence, by definition, as many directly unstable as 
stable or inversely unstable invariant points appear or disappear within the 
region. 

Moreover, by definition it is possible to vary continuously from any one 
transformation of a class to any other. That is, if 7; and T2 are of the same 
class, we may write 7, = 7, 7, where 7 stands for a deformation of the 
surface into itself. But in § 30 it was shown that a set of analytic curves, 
analogous to geodesics, could be found for p > 0 joining each point P to its 
image 7(P). If now we imagine each point P to move along this curve 
with uniform velocity in such a way as to reach T (P) after a second of time, 
a transformation 7,(P) is generated which is analytic int. Also the trans- 
formation 7’ will coincide with 7; fort = 0, and with 7. fort = 1. Thus we 
- may assume that 7; is carried into 72 analytically whenever 7; and 7: are of 
the same class. 

We are thus brought to the following conclusion: 

For all one-to-one analytic transformations T of the same class on a surface S 
the difference between the number of directly unstable and stable or inversely un- 
stable invariant points is the same. 

The difference can be explicitly obtained from any one transformation of 
the class, or by general considerations of analysis situs. 

Evidently the theorem extends to the case when invariant boundaries are 
present. Each boundary is counted as a stable invariant point. 

The dynamical application of these results is the following: 

The difference between the number of directly unstable and stable or inversely 
unstable periodic orbits corresponding to invariant points of T depends only on 
the genus and number of boundaries of the characteristic surface, and on the class 
of the transformation T . 

34. Poincaré’s last geometric theorem and a modification. Poincaré 
showed that the existence of an infinite number of periodic orbits in the 
restricted problem of three bodies and other dynamical problems followed at 
once from a certain geometric theorem. The basis of this deduction was the 
fact that a ring-shaped surface of section existed in these cases. The proof 
of the geometric theorem was later given by me (loc. cit.). 

We shall find that Poincaré’s theorem leads to the conclusion that there 
exist infinitely many periodic orbits whenever the genus q of the characteristic 
surface is 0. 

To show that there exist infinitely many periodic orbits in the case g > 0 
I introduce a modification of his theorem below which requires a slight varia- 
tion of my proof. 
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For convenience we shall first state: 

Porncaré’s THEOREM. Given a ring 0 <aSrZb in the r6-plane (r, 0 
being polar codrdinates), and a one-to-one continuous area-preserving transforma- 
tion T of the ring into itself, which advances points on r = a and regresses points 
onr =b. Then there will exist at least two points of the ring invariant under T . 

The modification is the following: 

Given an infinite ring 0 < a =r in the r6-plane, and a one-to-one continuous 
area-preserving transformation T of the ring into itself, which advances points 
on r = aand regresses all points r= R > a by at least an angle 6, >0. Then 
there will exist at least two points of the ring a =r < R invariant under T. 

We will indicate briefly the proof of this modified theorem. 

Let us take x = 6, y = 7’ as the rectangular coédrdinates of a point in the 
xy-plane. The ring then appears as an infinite strip y= a’. The trans- 
formation 7 of this strip advances points of the boundary y = a’ to the right, 
and moves points to the left by at least 6, for y = R’?. Moreover T is area- 
preserving in the zy-plane (since we have rdrd@ = dxdy), and displaces any 
two points which have the same ordinate and whose abscissas differ by a 
multiple of 27 in the same way. 

Let us combine 7 with a further transformation 7, which effects a trans- 
lation of the zy-plane in the direction of the y-axis through a distance 
e(e >0). The transformation T followed by T, yields an area-preserving 
transformation 77, which shifts the strip y = a? into the strip y = a? + e. 

Suppose if possible that there exists no invariant point of 7 for y < R?. . 
There exists then a positive quantity d such that all points a? = y = R? are 
displaced at least a distance d by the transformation 7. Choose e less than 
d and also less than 6;. 

Consider now the narrow strip a2 =y=a’?+e. By the transformation 
TT, the lower edge of this strip is carried into the upper edge, and the strip 
is carried into a second strip lying wholly above the first one save along the 
common edge. By a repetition of the transformation 77, the second strip 
goes into a third, and so on. 

By a continuation of this process a series of strips is obtained forming 
consecutive strata. Each of these strata is unaltered by a shift of 27 to the 
right. This follows from the fact that 7 and 7, is single-valued over the 
infinite ring. 

The images of these strata on the ring are a set of closed strata about the 
ring, all having equal area of course since 77, is an area-preserving trans- 
formation in the r6- as well as in the zy-plane. Consequently some one of 
the strata on the infinite ring, say the kth, must overlap the circler = R,; > R 
for any choice of R,. 

In the zy-plane let Q be a point of the upper edge of the kth stratum for 
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which y > Rj is a maximum. Let P be the point of y = a? from which Q is 
derived by k-fold repetition of 77, and let P’, P’”’, ---, P™ = Q denote the 
successive images of P under the iteration of T7,. Draw the straight line 
PP’ which will obviously lie on the first stratum. The successive images of 
this line PP’, P’ P’”; ---, P® P®™ will lie in the successive strata, and will 
have no points in common except that successive arcs have an end-point in 
common. Thus we get a single are PQ made up of all these lines, which is 
without double points (Fig. 11). 


Fig. 11. 


Consider now a vector LL’, drawn from a point to its image L’ under TT,, 
of which the initial point moves from P to P*” along the line PQ. The 
angle which this vector makes with the positive direction of the z-axis at the 
outset may be taken to be a positive acute angle, since the image P’ of P lies 
to the right of and above P. When L has varied to its final position P*~, 
the same angle lies in the second or third quadrant, since P™ lies to the left 
of. P*-» by the hypothesis of the theorem. 

Our construction of the successive ares PP’, P’ P’’, --+ renders it apparent 
that as L moves from P to P“~ its image L’ moves along the same curve 
from P’ toQ. Therefore we see at once from the figure that LL’ has rotated 
through the least positive angle from the first direction to the second. If L 
is moved further to a position on y = Rj the same will be true, for during this 
additional variation the angle given by LL’ may be made to remain in the 
second or third quadrants, provided R, be taken sufficiently large at the 
outset. 

Suppose now that Z moves in any manner from a point of y = a? to a point 
of y = R, in the region y2a®. The transformation TT, leaves no points 
of this region invariant, so that the point L’ will never coincide with L. In 
the initial position for L on y = a? the angle made by LL’ lies in the first 
quadrant. In the final position it lies in the second or third quadrant. But 


—_ 
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the total variation of angle during the variation of LZ has been seen to be 
through the least positive angle in a special case. Since any one path of L 
from y = a’? to y = Rj can be varied continuously into any other, the same 
must be true always. 

Now let € approach zero. As € becomes smaller the vector LL’ continues 
to have a definite direction, since no invariant points under T7, are present. 
By a limiting process we infer that for the transformation 7 the angular 
variation of LL’ is through the least positive angle consistent with its initial 
and final directions. It should be observed that for L on y = a’ the direction 
of LL’ is the same as that of the positive x-axis. 

Consider now the inverse transformation 7~! which is of the same type 
as 7’, although it moves points on y = a? to the left, and points to the right 
for y sufficiently great. By an entirely analogous argument to that given 
above we are led to infer that if a vector LL“ with end-point L~ = T(L) 
has its initial point L varied from a point of y = a? to a point of y = R (Re 
sufficiently large), the total angular variation will be the least negative angle 
consistent with its initial and final positions. 

But the total rotation of LL“ is precisely the same as that of the oppositely 
directed vector L~” L which joins a point L~ of y = a’ to its image L 
under 7’. 

Hence by our earlier result the total angular variation of L~— LZ must also 
be the least positive angle consistent with the two positions. Thus we have 
been led to a contradiction, so that there must exist at least one invariant 
point. 

Evidently invariant points can only arise for y = R?. To prove that there 
are at least two invariant points we may adopt the method used by Poincaré. 
The total rotation of a vector drawn from a point in the r6-plane to its 
image is — 27 along the inner boundary of the ring when a circuit is made 
which keeps the ring on the left; the corresponding rotation is + 27 when a 
large circle is positively traversed. In view of the analysis of § 30 we may 
assert that there are precisely as many directly unstable as stable and inversely 
unstable invariant points. It is conceivable that there is but one invariant 
point from a geometric standpoint. But that point would have to be con- 
sidered as two coincident invariant points if we adopt the conventions of § 30. 

As Poincaré pointed out, his geometric theorem leads to the conclusion 
that there are infinitely many periodic orbits in the restricted problem of 
three bodies and similar problems in which there is a ring-shaped surface of 
section. There is the restriction, moreover, that the rotation numbers along 
the two boundaries are not the same. 

If, however, there are more than two boundaries in the case g = 0, this 
theorem is not immediately applicable. Imagine a deformation of the surface 
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of section to be made which closes all of the boundaries except two. On the 
resulting surface 7 will appear as a one-to-one continuous transformation 
with an invariant area integral {f pdrdy where p is a continuous positive 
function on the surface, which may conceivably become infinite at the point 
images of the boundaries. By a further continuous deformation we may 
still further modify the surface of section so as to deform it into a ring, and 
to make the invariant integral the area integral.* If now we proceed to argue 
as Poincaré did in the case of a ring, we conclude that there exist infinitely 
many periodic orbits. 

If the surface of section has no boundaries the theorem of § 30 will enable 
us to infer the existence of at least two stable periodic orbits, and these (if 
distinct) may be expanded so that the modified surface of section becomes 
of the nature of aring. If only a single boundary is present the same theorem 
would lead us to infer the existence of a further stable invariant point, and 
by expanding this point, we again obtain a ring. 

Infinitely many periodic orbits exist in the case p = 0, at least if there is a 
surface of section, and if all of the rotation numbers for the invariant points and 
the boundaries are not the same. 

This restriction on the conclusion is a necessary one. The rotation of a 
sphere about a diameter through an angle incommensurable with 27 affords 
an example of a one-to-one analytic area-preserving transformation of the 
sphere into itself in which there are only two invariant points for all powers 
of the transformation. This same example renders it extremely doubtful 
whether the periodic orbits are everywhere dense in all cases as Poincaré 
conjectured. 

To prove that there are infinitely many periodic orbits in the case p > 0 
we will use the modified theorem. 

Let us assume that there exists a single stable invariant point, or a boundary, 
which has a rotation number different from zero. We may close each of these 
boundaries by a deformation, as in the case g = 0. 

Take first g = 1, and map the surface of section upon a network of 
rectangles in the plane. By a deformation of one of these rectangles which 
leaves its boundary fixed, we may transform the invariant area integral into 
the area integral. This may be intuitively seen as follows: imagine the area 
in question to be of density p; where // pdxdy is the invariant area integral. 
Any part of the transformed area will then have the same mass as before. 
By a distortion of the rectangular area which leaves its boundaries fixed, it is 
obviously possible to render this density uniform. The invariant integral 
now appears as, the area integral. 

The transformation 7 yields a one-to-one area-preserving transformation 


*See my proof of Poincaré’s theorem, loc. cit. 
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of the entire plane in which we have an invariant point P with a rotation 
number different from zero. 

A radial dilation about P which lengthens radii from r to r’ in accordance 
with the formula r” = r? + p? will leave the transformation an area-preserving 
one, and at the same time will expand the point P into a circular boundary 
of radius p. In the neighborhood of that boundary points are transformed 
in such a way that the transformation may be thought of as continuous along 
the boundary. The rotation number o for this boundary is the same as 
for P. 

It is clear that distant points of the plane are moved only a limited distance 
by the transformation 7’. 

Consider now the kth power of the transformation T and choose k so large 
that ko > 2lr. By compounding T with a negative rotation through / com- 
plete revolutions, leaving the circular boundary fixed, we obtain a transforma- 
tion T’ which has the same effect on the points of the plane as 7 but which 
advances all of the points of the circular boundary through an angle ke — 2l7. 
The same transformation T’ regresses distant points through an angle nearly 
2lr. 

By an application of the modified theorem we infer that there are two 
invariant points of 7’, i. e., that there are two points invariant under 7 
and so have revolved — | times about the circular boundary under 7. 

By letting / range through all possible values we infer the existence of 
infinitely many periodic orbits in the case g = 1. 

For g > 1 we map the characteristic surface upon a network of congruent 
polygons in the non-euclidean plane. By a deformation of one of the poly- 
gons, and at the same time a congruent deformation of the other polygons, 
the invariant area integral may be made the area in the non-euclidean plane. 
If the circle is taken as a unit circle with center at the origin in the ré-plane, 
the non-euclidean area becomes 


af 


(r, 6 being polar coérdinates), which is infinite over the unit circle.* 
Hence a dilation of the plane which changes radii in the ratio r’ to r where 


rdr 
r= 
0 
will take the circle into the complete plane, in which ordinary areas are in- 


variant. 
We may now proceed essentially as in the case g = 1. 


* See Schlesinger, Lineare Differentialgleichungen, vol. 2, part 2 (Leipzig, 1898), pp. 96-99. 
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If q > 0 and there exists a single boundary or stable invariant point of the 
surface of section for which the rotation number ts not zero, then there exist in- 
finitely many periodic orbits. 

It is to be noted that the argument above shows incidentally that there are 
infinitely many invariant points of a closed surface S of genus g > 0 under a 
one-to-one area-preserving transformation and its iterations if there exists a 
single stable invariant point of S. 


